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Iraq 
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Abstract: This paper is devoted to studying the thermal analysis of solar heaters and their optimum performance.  

Particle swarm optimization (PSO) is used as an optimization technique to maximize its mass flow rate and scale. Two 

constraint conditions, including the solar fraction, and water temperature, have been adopted to ensure that the optimum 

solution extracted from the proposed technique is a realistic design. The best water temperatures have been achieved 

using the PSO algorithm to generate results from Solar Water Heater (SWH) device. Employing optimization algorithms, 

several tests can save effort and money to achieve the necessary results. This algorithm has found the best area and mass 

flow rate to conduct the required temperature when water entered the solar heater at the temperature of 20 degrees Celsius 

and was found at temperatures between 39°-41° C. 

Keywords: SWH; PSO; Optimization; Solar Energy; Thermal performance. 

Nomenclature: 

SWH Solar water heater  

𝐴𝑝 Area of the plate (𝑚2) 

𝐴𝑔 Area of the glass (𝑚2) 

𝜀𝑔 Emissivity for glass 

𝜀𝑝 Emissivity for plate   

𝑈𝐿 upper losses ൫𝑊
°𝐶ൗ ൯ 

𝑇𝑎 Air temperature (°C) 

𝑄𝑢 useful heat gain ൫𝑊
°𝐶ൗ ൯ 

𝑚 mass flow rate (kg/s) 

𝑐𝑝 special collector's fluid heat (J/kg·°C) 

𝑠𝑡 solar irradianceቀ𝑊
𝑚2ൗ ቁ 

𝑇𝑓𝑖  inlet water temperature (°C) 

𝑇𝑓𝑜 output water temperature (°C) 
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1. INTRODUCTION  

In recent years more attention was focused on the use of solar thermal energy in domestic agriculture and industrial 

water heating [1]. The Solar water heater is solar thermal technology, which captures and heats water from the sun using 

an absorbent medium. Today, solar water heating systems in commercial and industrial applications are commonly used. 

[2]. 

In solar thermal systems, solar collectors (air/water) are used to optimize and efficiently use solar energy. The solar water 

heaters are used for various purposes in all fields of life, such as farm, residential, and industrial applications: seasoning 

timber, greenhouse heating, processing of industrial goods, and drying of components in concrete construction [3, 4]. 

Due to the complexity of internal structures, it is extremely challenging to predict the thermal efficiency of solar systems. 

In reality, a typical thermal power device (e.g., solar water heater, SWH) takes time, financial costs, and labor to calculate 

its thermal output. The difficult structures normally struggle to assess the thermal efficiency of traditional physical and 

mathematical models. Not only do those difficulties impeding the acquisition of solar energy system thermal efficiency 

significantly but also obstruct the prospect of thermal performance optimization [5, 6]. Scientists have developed a strong 

method of forecasting problems over recent decades. They found that a knowledge-based model of machine learning 

would help to accurately predict the output of certain energy systems using simple independent variables for 

computational inputs. With the right machine learning algorithm, only a necessary experimental database and model 

training and testing can be obtained, then a predictive model can be created. Machine learning can "learn" the non-linear 

relationship among dependent and independent variables through a "black box" fit and then carry out the predictions 

during the training phase [5, 7]. 

Linear and non-linear optimization techniques and evolutionary search algorithms have also been employed for the 

design of SWH systems to solve these problems in the early described correlation and simulation-based methodologies. 

Proposed a graphical approach by optimizing annual systems efficiency to estimate the optimal collector area and storage 

volume under a given solar fraction [8]. They have proposed a method designed to measure the SWH system using a 

genetic algorithm (GA) with the minimum payback time [9]. Optimizing the design parameters intended to increase the 

solar thermal system efficiency [10]. With that optimization, their findings show that the solar heat costs in comparison 

to the conventionally designed system could be reduced by approximately 18 percent [11]. They studied the method of 

design to achieve an optimal mixing of the collector area with the storage tank volume to optimize solar system life cycle 

savings by the use of hybrid neural combinations with a design space definition to define feasible SWH systems. Systems 

were then configured and optimized for each specific solar fraction by minimizing the annualized life cycle cost [12]. 

Active SWH system with different storage volumes and collection areas [13, 14].  

The forced circulation SWH system for an aquaculture system was optimized by minimizing life cycle cost (LCC), a 

simplified method has been proposed to optimize the key parameters of SWH systems based on an energy life cycle 

analysis, such as the collector area and storage volume [15]. A methodology for the performance prediction is presented 

by using particle swarm optimization (PSO) for the optimum size of the main solar thermal system components [16]. 

Further, numerous research projects have been undertaken to build and size SWH systems using hybrid optimization 

techniques, for example, the combination PSO and binary search process [17, 18]. Studies have been increased upon 

optimum architecture for SWH and help determine the size of SWH systems. As previously mentioned. However, 

compared with the wider array of correlation and simulation-based design methods developed over recent decades the 

number of optimization methods is very limited [19]. Moreover, the majority of the studies optimized a single device style 

SWH system, with a specified configuration. However, the system efficiency and economic advantages differ significantly 
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depending on even one of the variables and their relationships. In the marketplace, there are many machine units. The 

different technological characteristics of each device can lead to changes in the energy and economic performance of 

SWH systems. The optimal designs can also vary from the original designs [20-22]. 

This paper is oriented to introduce a method of optimization to develop an SWH system sizing and its performance. The 

PSO algorithm is a powerful technique to maximize its mass flow rate and sizing. Furthermore, to improve its solar fraction 

absorbed, and available space is included to suit solar collectors to ensure an efficient design is an ideal solution. The 

contribution of this paper is reducing the effort and economic cost expended on practical experiments to reach the 

required outputs by relying on an algorithm that coordinates data with information that we can achieve the necessary 

outputs.  

2. SOLAR WATER HEATER SYSTEM 

Figure 1 presents the solar water heater which is a part of the study and has dimensions, 0.49 m long, 0.49 m wide, and 

15cm thick module. It consists of an absorber of copper (painted black) surrounded by glass. The entire building is wood 

isolated. The parameter indicates the width of the air gap between the glazing and the absorber. The tube between the 

glass and absorber length is 5.6m. The water inlet is on the ground and the outlet is on the head. L is the duration of the 

solar collector and the solar flux incident on the collector 45 tilts the solar collector [23, 24].  

 

Figure 1 Solar water heater 

 

3. SMART GREENHOUSE SYSTEM WITH SWH AND CONTROL SYSTEM 

The output water of the SWH is used to warm the greenhouse by utilizing to irrigate the soil warm for the soil and plant 

roots with high-temperature water to maintain the plant growth temperature in winter, which is between 18°-25° C. 

Figure 2 shows the whole greenhouse system with the SWH piping and the control system. Fans were installed to push 

the hot air inside the greenhouse and two led lighting spots were integrated which are feed from the PV together with 

the pump imposed. The soil and roots of the plants are heated and the hot water also acts to increase the air temperature 

in the greenhouse. 
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Figure 2 SWH system accompany with the greenhouse, 1: solar panel, 2: greenhouse, 3: SWH,  

4: soil, 5: fan. 

 

4. MODELING OF THE SOLAR WATER HEATER  

The heat gained is supplied to the tank which is transferred by a heat exchanger according to the temperature regulation 

of the collector from the useful heat gain(𝑄𝑢). The valuable solar heat gain of the same collector module [20, 25]. 

𝑄𝑢 = (𝐹𝑟 ∗ 𝐴𝑝) ∗ (𝑠𝑡 ∗ (𝐸𝑔 ∗ 𝐸𝑝) − (𝑈𝐿 ∗ (
3600

1000
) ∗ (𝑇𝑓𝑖 − 𝑇𝑎))                               (1)         

𝐹𝑟 = (
𝑚∗𝑐𝑝

𝐴𝑝∗𝑈𝐿
) ∗ (1 − 2.7182

−ቀ
𝐴𝑔∗𝑈𝐿∗𝐹𝑟

𝑚∗𝑐𝑝
ቁ
)                                                (2) 

 

5. OPTIMIZATION METHOD OF SWH SYSTEM 

The approach is used in this study as one of the most effective methods of optimization. The PSO is based on a swarm 

that combines less particle volume with velocity, which is the direction of particle movement. These particles are feasible 

solutions in space solutions and the objective value of a function is determined in their situations by particles. This utilizes 

a mix of the current location, the last best part position, and information on one or more of the best particles in the 

swarm to choose the path to be moved. This method proceeds to find the optimally measured solution by moving 

particles in solution space [25]. The optimization method in this paper is designed to determine the optimum mass flow 

and the size of a solar collector device. The configuration means that the selected forms are combined in the mass flow 

rate and their unit capacity and quantity are used to calculate the size [20]. Using K1 and K2 as shown in Figure 3 to 

5

1 4 

3 

2 

1 
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choose the mass flow rate and the best area respectively to reach (𝑇𝑓𝑜) that required temperature is 40° C so this 

functional method can be formalized accordingly [26]. 

𝑇𝑓𝑜 =
𝑄𝑢

𝐾1∗𝑐𝑝
+ 𝑇𝑓𝑖                                                                                                                                                                                                          (3) 

The analogy of a population, which is called particle matter and commonly known as the swarm of bees, is helpful to 

determine how the algorithm converges to a solution (for example, the best flower in a field). This socially motivating 

technique for optimization was first introduced as a promising method that does not require derivatives to be computed 

every particle update its place in the problematic domain landscape in the direction of better fitness areas based on a 

neurocognitive term which is represented by the particles' best position so far and the world's best position to date. The 

analogy of a population is helpful to determine how the algorithm converges to a solution (for example, the best flower 

in a field). The basic PSO algorithm calculates the speed and position of the particle starting with the random initial speeds 

and random initial positions inside a closed set [27, 28]. 

 

Figure 3 Network of the SWH. 
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6. SIMULATION AND EXPERIMENTAL RESULTS  

This work uses MATLAB software to implement the suggested technique of designing the optimal SWH controller. And 

for every controller, the PSO algorithm is performed separately in offline assessment. Particles are initialized using the 

following parameters to optimize the particle swarm: N = 100 birds, 100 epochs, c1 =1.8, c2 = 1.8, w = 0.9. The 

optimization method gives the controller gains optimum values. Particle swarm moves within the space of quest for an 

optimum global solution to the problem, to try to monitor the appropriate minimal particles. The finishing position of the 

particles in 100 epochs is the optimal increase in K1 and K2 [20]. The collection of water temperatures from the solar 

heater were chosen, the PSO's aim being those degrees. After several iterations, the result achieved by the algorithm is 

that the mass flow rate equals 0.135 
𝑘𝑔

𝑠
 and the scale is 0.245𝑚2.  

 

7. DISCUSSION 

Figure 4 tells us that the drawing begins from top to bottom, in which the error rate is higher than zero and the desired 

target different from the outputs that PSO produces, then the error rate continues to be reduced to zero and the drawing 

stabilizes so that the PSO algorithm achieves the desired aim of it [29]. Depicts particle swarm movements toward the 

global optimal solution within the search room, the problem optimization, and any attempt to monitor the relevant 

particles in the minimum fitness function (Note: the shown particles are part of the total particles). The strong red line in 

Figure 4 shows how the particles go down to the global optimum solution locally. The final location of the particles 

following 100 epochs reflects the optimal increases in mass flow and dimensions (K1, K2). Figure 5 shows the fitness 

functions for speed and current controllers are being minimized during the optimization process. 

 

 

Figure 4 Parts of global optimization monitoring for K1 and K2 
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Figure 5 Minimization of the Fitness function for the K1 and K2 

 

The following process results are arrived at when mass flow rate equals 0.144 
𝑘𝑔

𝑠
 and area equals 0.240𝑚2. Figure 6 shows 

the solar heater's temperature of the water increases because the solar radiation intensity increases of the solar radiation 

concentration on the solar heater for a long time. 

 

Figure 6 Relationship between solar radiation and outside water temperature from SWH 

 

The curve in Figure 7 shows that the temperature of the outside water from the solar heater is affected by the high 

temperature of the outside air surrounding the solar heater, as the temperature of the water increases with the increase 

in the air temperature. 
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 Figure 7 Relationship between air temperature and outside water temperature from SWH 

 

Figure 8 presents the increase in plant temperatures due to the increase in water temperature from the solar heater to 

keep the soil at the proper temperature for plant roots to grow well.  

 

 

Figure 8 Relationship between ground temperature and outside water temperature from SWH 

The theoretical and practical results for mass flow rate as shown in Figure 9 were compared for several temperatures to 

calculate the error rate. It is clear from the Curve that the error rate is approximately 0.008. This is due to several reasons, 

the first of which is the error rate of the measuring devices used in the practical measurements. When the area of solar 

water heater and solar radiation constant. All practical results obtained were suitable for the required work environment. 
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A primary goal of using a solar heater in this paper is to heat the greenhouse and provide a suitable climate for plants to 

grow.  

 

 
 

Figure 9 Relationship between theoretical results and practical results of mass flow rate with outside water 

temperature from SWH. 

 

 

8. CONCLUSION 

Providing a suitable climate condition inside the greenhouse was achieved. To achieve the best overall flow rate and area 

for the solar water heater where the area of the solar heater is 0.24 𝑚2and a mass flow rate of (0.148-0.139)
𝑘𝑔

𝑠
  was 

reached for the water coming out of the solar heater to reach between 39-41 degrees Celsius, by using the PSO algorithm, 

thus reducing the effort and economic cost expended on practical experiments. Programming has many benefits, 

especially on the economic side, this is one of the most important benefits of it, which helps to reduce the error that 

occurs often in practical experiments. 
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ABSTRACT 

 

XRISM and Athena are high spectral resolution (≤7 eV and 2.5 eV at 6 keV, respectively) next generation X-ray satellites 

that are expected to launch in the next years. They will have better effective area and energy resolution features than the 

other X-ray satellites, like Chandra, Suzaku, and XMM-Newton. Supernova remnants (SNRs) are expanding structures of 

ionized gas formed after a supernova explosion. By the X-ray analysis of SNRs, information such as elemental 

abundances, the electron temperatures and ionization states of the X-ray emitting gas, the type of the exploding progenitor 

star, and the type of explosion can be obtained. In this work, we perform XRISM and Athena simulations for SNR Kes 

69. There are two main purposes of perform these simulations: 1) The capabilities of the instruments of these satellites 

can be tested. 2) The information that can be obtain with these satellites will be measured. We used the HEASoft (NASA 

High Energy Astrophysics Software) package for the data reduction and the XSPEC (X-ray Spectral Fitting Package) 

with AtomDB (Atomic Database) for the spectral fitting. To obtain images and spectra from the raw data, XSELECT 

command has been used. We also used FAKEIT command in XSPEC for the generate simulated spectra. To display and 

process the obtained images, we used SAOImageDS9, which is an astronomical imaging and data visualization 

application. We give initial interpretations of our simulations results. 

 

Keywords: Data analysis of X-ray satellites, image processing, simulations of next-generation X-ray satellites, 

supernova remnants 

 

 

1. INTRODUCTION 

 

A supernova (SN) is explosion of a star and can be occur two different mechanisms: (I) Core-Collapse SN; explosion of 

a high mass star (8Mstar ≥ Msolar, where Mstar is mass of exploding star and Msolar is mass of Sun with a value of ~2 x 1030 

kg) (for example, [1]), (II) Type Ia (Thermonuclear SNe); explosion of a white dwarf in binary star system. The result of 

a supernova event is a supernova remnant (SNR) consisting of stellar material ejected from the star by the explosion, an 

expanding shock wave, and swept-up matter in the interstellar medium. In our galaxy, there are ~300 thousand SNRs. 

Although SNRs are commonly discovered in the radio band, they are radiate over the entire electromagnetic spectrum. 

The thermal X-ray emission from SNRs is a combination of continuum emission (e.g., bremsstrahlung, radiative 

recombination), and line emission. The X-ray spectra of young SNRs often show emission lines of heavy elements (e.g., 

O, Ne, Mg, Si, S, Ar, Ca, and Fe; for reviews see [2,3]). Since information, such as the explosion type of an SN, the mass 

of exploding star, elements in SNR plasma can be determined from X-ray spectra, X-ray emission from SNRs is crucial.  

 

Due to Earth’s atmosphere is not transparent at X-ray band, X-ray observations are made with orbiting satellites. The 

Suzaku [4] X-ray satellite is one of the X-ray satellites, that orbiting around Earth. The Suzaku satellite is the fifth Japanese 

X-ray astronomy satellite launched on 10 July 2005, in collaboration with Japan Aerospace Exploration Agency (JAXA) 

and National Aeronautics and Space Administration (NASA). The Suzaku satellite designed for probe high energy X-ray 

sources, such as SN explosions and remnants, black holes, and galactic clusters. There are three main instruments on 

Suzaku: An X-ray Spectrometer (XRS), four X-ray imaging Spectrometer (XIS; [5]), and a Hard X-ray Detector (HXD). 

In this work, we only used XIS detectors data. Each XIS detectors use a silicon-based charge-coupled device (CCD) to 

detect the X-rays. In XIS CCDs, incoming X-ray photons are converted into several electron-hole pairs via photoelectric 

absorption and subsequent ionization by photoelectrons and their secondaries. Since the photon energy is proportional to 

the amount of charge produced, the energy of the incoming photon is a measurable feature since the photon. While back-

illuminated (BI) chip is more sensitive to soft band than front-illuminated (FI) chip; and vice versa is applies to FI. 

 

The future X-ray satellites, X-Ray Imaging and Spectroscopy Mission (XRISM; [6]) and Advanced Telescope for High-

ENergy Astrophysics (Athena; [7]) are planned to be launched in the coming years. XRISM is the Japan-US X-ray 
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astronomy mission scheduled to be launched in 2022. XRISM has two instruments: Resolve, the soft X-ray spectrometer 

and Xtend the soft X-ray imager. The Athena, other next-generation mission, is the European Space Agency (ESA) 

mission scheduled to be launched in early 2030s. The Athena satellite has two instruments, the WFI, which performs 

wide-area imaging and spectrometry, and the X-IFU instrument, which performs high-resolution spectrometry. 

 

Kes 69 is an X-ray emitting galactic SNR. Using Suzaku X-ray satellite data, [8] discovered Kes 69 is one of the ejecta 

dominated SNR, which means there are still traces from progenitor star. Using these elemental abundances, the authors 

compare the observed abundances with the theoretical nucleosynthesis models and finally, they concluded that the SN 

type is core-collapse origin, and the mass of progenitor star is most likely 9-12 Msolar.  

 

Since Kes 69 is an X-ray emitting ejecta dominated SNR, we select this remnant for the XRISM/Resolve and Athena/X-

IFU simulations. In our simulations, we used Suzaku data and best-fit model as a base. The high spectral resolution and 

sensitivity of future X-ray missions, like XRISM and Athena, will allow us enable better understanding of the X-ray nature. 

We therefore explore the capabilities of future spectral instruments with the aim of identifying a spectral line feature in 

SNRs.  In this work, we perform the XRISM and Athena simulations for Kes 69. With these simulations, we have aimed 

that to explore the additional emission lines in this SNR. 

 

 

2. OBSERVATION AND DATA REDUCTION 

 

Kes 69 was observed with the XIS onboard Suzaku on 2014 September 27-29 (Observation ID: 509037010). The total 

effective exposure of this observation was ~67.2 ks. In this observation, the XIS0, XIS1 and XIS3 CCDs operated. The 

XIS0 and XIS3 are FI CCD chips, whereas XIS1 is a BI CCD chip. We used the NASA’s High Energy Astrophysics 

Software (HEASoft) package version 6.20 for the data reduction and the X-ray Spectral Fitting Package (XSPEC) version 

12.9.1 [9] with Atomic Database (ATOMDB) version 3.9.0 [10] for the spectral fitting. For the image display, 

visualization and processing, we used SAOImageDS9 tool for astronomical data.  

 

3. ANALYSIS AND RESULTS 

 

3.1 Suzaku/XIS Image 

 

In this work, we analyzed the Suzaku/XIS archival data of SNR Kes 69. Using raw Suzaku data, we have aimed to extract 

image from raw data, and distinguish the SNR using image processing tools in DS9 software. For the extracting image, 

we used XSELECT command, and we used XIMAGE tool for the create mosaic image. The raw image shown in Fig. 1. 

Using Ds9 software, we applied some image processing steps on this image, such as smoothing, coloring, coordinating. 

In this figure, we also used linear scale and smoothed the image by a Gaussian function with sigma = 1".5. We created 

the contours from radio image [11] and matched with the X-ray image. 

 

 
Figure 1. Suzaku XIS1 images of SNR Kes 69. Left: Raw image of Kes 69. Right: Mosaic image (XIS1 + XIS3) that obtained from 

raw data of the Kes 69 in the 0.3-10 keV energy band. The white circle indicates the region that [8] selected for the spectral analysis.  
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The dashed black square represents the background region. The corners of the CCD chips illuminated by the 55Fe calibration source 

(dashed magenta circles) was excluded. The blue contours correspond to 1.4 GHz NRAO VLA Sky Survey (NVSS, [11]) radio 

observation and are overlaid for comparison. 

 

 

3.2 XRISM and Athena Simulations 

 

We simulated XRISM/Resolve and Athena/X-IFU spectra of the SNR, showing the potential of the high-resolution X-

ray spectrometers onboard these future missions in identifying the emission lines. The comparison of main characteristics 

of Suzaku/XIS, XRISM/Resolve, and Athena/X-IFU is as follows: XIS has energy resolution of ~120 eV at 6.0 keV while 

Resolve and X-IFU have energy resolutions of ~7 eV and ~2.5 eV at 6 keV, respectively. Further, XIS has effective area 

of 1000 cm2 at 6 keV; whereas Resolve and X-IFU have effective are of 210 cm2 and 2500 cm2, respectively. 

 

We used XRISM/Resolve3 and Athena/X-IFU4 response files to produce the simulated spectra. We used the FAKEIT 

command in XSPEC to generate the simulated spectra. To perform simulations, we used [8] Suzaku best-fit model. They 

extracted the spectra from the white solid circular region, as shown in Fig. 1. They reported that the SNR spectrum is well 

characterized by an absorbed non-equilibrium ionization (NEI) plasma model (VNEI spectral model in XSPEC), and 

found four elemental abundances (~1.3 Mg, ~1.5 Si, ~1.6 S, ~1.6 Fe, where value of 1 is equal to Solar abundances). 

Since our aim is to measure the capabilities of the next generation satellites, we used their best-fit model for simulations. 

The terminal commands of simulation shown in Fig 3. The simulated XRISM/Resolve and Athena/X-IFU spectra shown 

in Figs 4. and 5., respectively.  

 
 

 

 

 

 
Figure 2. Background-subtracted XIS (XIS0: black, XIS1: red, XIS3: green) spectra of Kes 69 in the 0.9-8.0 keV [8]. The upper panel 

shows the data with the crosses and the best-fit model with the solid lines. The lower panel shows data residuals from the best-fit model. 
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Figure 3. FAKEIT command in XSPEC and its inputs. 

 

 

 
Figure 4. Simulated spectrum of Kes 69 in 0.7-8.0 keV energy band. The N (~0.55-0.6 keV), O (~0.6-0.7 keV), Ne (~1-1.2 keV), Mg 

(~1.3-1.8 keV), Si (~1.85-2.5 keV), S (~2.4-3.2 keV) and Fe (~6.6-8.7 keV) emission lines are clearly resolved in the XRISM/Resolve 

simulated spectrum. 
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Figure 5. Simulated spectrum of Kes 69 in 0.7-8.0 keV energy band. The N, O, Ne, Mg, Si, S, and Fe emission lines are clearly 

resolved in the Athena/X-IFU simulated spectrum. 

 

 

4. DISCUSSION AND CONCLUSIONS 

 

We performed XRISM/Resolve and Athena/X-IFU simulations based on archival Suzaku data. In previous Suzaku study, 

there are only Mg, Si, S, and Fe emission lines resolved. In our simulations, however, XRISM and Athena have resolved 

several emission lines, which are N (~0.55-0.6 keV), O (~0.6-0.7 keV), Ne (~1-1.2 keV), Mg (~1.3-1.8 keV), Si (~1.85-

2.5 keV), S (~2.4-3.2 keV) and Fe (~6.6-8.7 keV).  This result is reasonable, because XRISM and Athena have ~17 and 

~48 times higher energy resolution than Suzaku, respectively. Also, as seen in Figs 4. and 5., Athena resolved the emisision 

lines better than XRISM. The reason of this is Athena has ~3 times higher energy resolution and ~10 times bigger effective 

area than XRISM.  

 

The high spectral resolution and sensitivity of future X-ray missions, like XRISM and Athena, will allow us enable better 

understanding of the explosion origin as well as X-ray nature of the SNRs. In our simulations, we showed that these 

emission lines are clearly resolved with these satellites, and therefore one can measure accurately the abundances in SNR. 

Hence, one can more accurately determine the explosion type of SNR. 

 

When an SNR spectrum shows elemental abundances, explosion type of the SNR can be determined. There several 

theorotical nucleosynthesis models (for example, [12-14]). In these models, the elemental abundances ratios are used to 

estimate the explosion type of SNR is Core-collapse or Type Ia, and mass of exploding star. With the future X-ray 

missions, like XRISM and Athena, more elemental abundances can be more accuretly detected in X-ray spectrum of SNR. 
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ABSTRACT 

 

The human hand has a very complex, highly sensitive, and advanced structure consisting of a combination of many bones, 

joints, muscles, veins, tissues, tendons, nerves, and receptors. Because of nervous system diseases such as stroke, 

inflammatory cases, muscular dystrophy, spinal cord damages or after surgical operations, patients may partially lose the 

ability to use their hands, which generally causes negative chains of events such as joint disorders, losing a portion of 

muscular mass and the relevant brain cells continue with permanent damage. The most effective treatment to be performed 

for the recovery of function losses after stroke or injury and to activate neuroplasticity is physical rehabilitation. Thus, it 

may be possible to recover lost cells. Such rehabilitation processes are implemented in physical therapy centers by medical 

methods, but they are not accessible by everybody who needs them. After a stroke, the patients need to be treated regularly, 

even at the best times recovery cannot be guaranteed. For this situation, robotic rehabilitation reveals promising results. 

This study focuses on the exoskeleton design, which is ergonomic, aesthetics, low-budget, 3D printed, assembled with 

accessible pins, clips, nuts, bolts, and fasteners. The proposed model aims to support the articulation of all finger joints 

in the sagittal plane. 

 

Keywords: Hand exoskeleton, hand rehabilitation, robotic rehabilitation,  

 

 

1. INTRODUCTION 

 

Joint damages are commonly encountered due to stroke, trauma, postoperative complications, cartilage injuries, 

calcification. Most of the joint damages occur in the upper extremity and again most of the upper extremity damages 

occur in hand than other limbs [1], [2]. A solution to make the rehabilitation process both more effective with the help of 

a hand robot and accessible with the opportunity to use it at home is a very attractive option. In addition, rehabilitation 

centers where treatment is performed are not accessible and affordable by all. If the rehabilitation process is performed at 

home, it can provide many advantages in terms of both expenses and the convenience of the treatment. The treatments 

are generally carried out passively in rehabilitation centers that in this case, it is not possible to achieve some exercises 

from the fact that the patient's mobility is limited. The support of an active system to the patient increases the possibility 

of successful treatment. [3], [4], [5]. 

When the literature is reviewed, it is seen that the hand exoskeletons are designed for 3 different purposes which can be 

classified as rehabilitative, assistive, or haptic. Depending on their design and transmission of the movement to the fingers, 

the hand robots are divided into 3 groups which are Rigid / Linkage Frame, Cable and Tendon Driven, and Soft / 

Compliant.  According to the type of actuator, they can be active or passive. Passive actuators consist of damping elements 

like spring or rubber. Primary active actuator types are electric, pneumatic, hydraulic, PAM, MRF, Shape Memory Alloy, 

SEA, and FES.     
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Although there are lots of prospering cable-driven hand exoskeletons [6], [7], [8], [9] they have some chronic limitations. 

As cables are exposed to tension, they may not preserve their physical characteristics. It is so inevitable that some 

researchers proposed a set of solutions to compensate backlash effect. Cable-driven mechanisms tend to occupy a large 

volume and are more likely to have issues because of their nature. They suffer from the same advantages as parallel robots 

because they are generally designed in a parallel configuration. Soft exoskeletons are more compatible with human hand 

anatomy than the others, but they generally need compressed air or fluid which restrains the mobility of the device. As 

there are no rigid parts mounting sensors and controlling them are difficult [10], [11], [12]. Rigid Hand Exoskeletons not 

only produce more thriving results but also provide more DOFs and support more hand joints. If they are designed 

regardfully to human anatomy, rigid hand exoskeletons are more stable and easier to control when they are actuated with 

electric motors. Novel control systems endowed with AI and a sensor fusion can be implemented easily to a rigid hand 

exoskeleton. 

 

2. OBSERVATION AND DATA REDUCTION 

 

This study focuses on the design of an exoskeleton that is low cost, made of 3D printable material, and has accessible 

Velcro fasteners. The proposed model aims to support the movement of the five fingers in the sagittal plane for all joints. 

Safety, ergonomics, ease of use, and functionality are as important as low cost. It offers a wide range of motion; 2 degrees 

of freedom for the thumb, 3 for index, middle, ring, and little fingers, in accordance with the anatomy of the hand. All the 

finger joints are involved in the movement. It can be used under the control of a therapist, as well as at home by patients 

who do not have access to physical therapy centers, thanks to its affordable cost and ease of use. A directly driven linkage 

mechanism is preferred because it provides smoother control. In order not to create reluctance in patients, kinematic 

analyzes were made and connection lengths were calculated in order to perform the movement by its natural flow. So as 

to apply the force perpendicularly and transfer the movement concentrically to the phalanges, the links are designed as 

arc-shaped. As the system is designed in a rigid structure, it allows the development of a suitable control system for 

patients who want to gain strength. In favor of linear motors and their design, it allows bringing the hand from the fully 

extended position to the fully grasp position in less than 2 seconds. 

 

Rigid hand exoskeleton structure has been successfully applied in many studies and even some of them have been 

evaluated clinically [13], [14]. Since they don’t have a cable mechanism, they can be designed in smaller sizes, all fingers 

can be supported by placing the actuators on hand [15], [16]. The biggest obstacle for rehabilitation to reach its goal is 

the patient's reluctance. Complex designs that will tire and bother the user should be avoided. Some suggested models are 

designed for one or a few fingers only. The ideal design should be able to train all the fingers of one hand. For all joints 

to be included in rehabilitation, the highest possible degree of freedom should be supported. The rehabilitation robot 

should perform the movement without causing pain to the patient. As the exoskeleton will move together with the joints, 

phalanges, ligaments, and tendons that may be damaged, safety should be kept at the forefront. 

 

3. ANALYSIS AND RESULTS 

 

3.1 Mechanical Design 

 

While Useful Co-Hand was designed, linear actuators were preferred as the actuator due to the ease of use and 

conveniences. 5 pieces of 6V linear motors with a speed of 30mm / s were placed on the hand. They have a 50 mm stroke 

length and can apply up to 32N force. The exoskeleton is fully manufactured from printable material. Steel dowels, clips, 
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nuts, bolts, and Velcro tape were used to assemble the parts. Although 1 Active DOF is provided for each finger, as the 

force produced in the actuator is transferred to all joints as coupled, every 3 joints are actively supported. 

 

 
Figure 1. Kinematic Model of USEFUL CO-HAND 

 

 

If a rotational DC motor was preferred, for the force to be easily transferred to the mechanism, the motors would need to 

be placed perpendicular to the finger bones that in this case, it wouldn’t be easy to place 5 DC motors on hand. We would 

have either conceded DOF or rotational motors would have been placed in parallel to the finger bones that in this case, 

the direction of movement would have had to be changed by using the gears which may make the system bulkier and 

more complex. Thanks to the use of a linear motor, the force is applied directly to the mechanism. With the movement of 

the linear motor’s piston, the MCP arc begins to revolve around the anatomical joint. The angle with the holder surface 

in the initial state is only 5 ° which means almost all the force produced works. A Hand exoskeleton should apply force 

to the finger bones at the right angle, and ensure the comfortable movement of the joint, otherwise, this causes a 

discomfortable situation in the joint. To pose a perpendicular force, the mechanism should revolve around the anatomical 

joint or extra joints, and linkages rotating around a remote center can be implemented [17].  

The structures rotating around the joint were used in many studies. When preparing the kinematic model for the 

exoskeleton, imaginary hoops are created around the motion center of the anatomical joints. Our design is based on the 

rotating mechanism on the circumference of these hoops. Index, middle, ring, and little finger modules are composed of 

4 arc-shaped rotary mechanisms and 6 linkages that provide the movement of two phalanges at the far end. The thumb 

module consists of 3 arc-shaped rotary mechanisms and 3 linkages that provide the movement of the distal phalanx. A 

and E links given in the figure are used to show the effect of arc-shaped components, are not used physically in the Useful 

Co-Hand. The first slider mechanism is responsible to transfer the displacement of the actuator rod to the metacarpal 

phalange at the right angle. The second slider mechanism is responsible to get the force that is exerted serially by the 

previous slider then conveys it to the middle phalanx at the right angle. The third slider mechanism is responsible to get 

the force that is exerted serially by the previous slider then conveys it to the distal phalanx at the right angle. With the 

forward displacement of the linear motor, the slider mechanism turns around the MCP implements a force at the right 

angle to the midpoint of the proximal phalanx. While MCP is moving, the second slider mechanism conveys this 

perpendicular force to the middle phalanx at the right angle through C, D, and E links, and PIP joint moves. While PIP is 

moving, the third slider mechanism transfers the coupled force to distal phalanx through the F, G, and H links, which 

results in DIP joint moves. 

 

 

4. DISCUSSION AND CONCLUSIONS 

 

In favor of 3D design software and printers, it is possible to design a model and simulate it afterward. The fabricated 

prototype of Useful Co-Hand is shown in Figure 2. In this study, the design has been carried out in a sophisticated and 

aesthetic manner thanks to the rotating mechanism around the joints. In many exoskeleton models, some phalanges are 

left unmounted to the exoskeleton [20]. In another statement, the far end joints are moved, and the previous joints are 

indirectly included in the act of motion, but in this way grasping force decreases, and some finger bones are exposed to 

an extra force. In many studies, the DIP joint has been ignored and left passive [21]. Some joints may be immobilized to 

increase gripping [22.] In the Useful Co-Hand, thanks to the linkages and sliders design, the force is transmitted directly 

to all finger bones and joints in series. With the serial mechanism, it is designed to move the MCP, PIP, and DIP joints 

respectively.  
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The developed exoskeleton does not need a hydraulic or pneumatic source, it is not preferred cable or complicated gear 

mechanisms to transfer the power generated in the actuators to the fingers. It is lightweight as is fabricated from 3D 

printable material, it only needs a DC source, which can be completely portable thanks to the developing battery 

technologies. Although it only uses 1 active DOF, it has features that can incorporate all the joints in the movement. It is 

ergonomic, aesthetic, lightweight, and low cost which allows rehabilitation at home. The contribution to the low-cost 

robotic rehabilitation cannot be ignored when it is considered that many people who need physical therapy cannot access 

rehabilitation centers. This study was performed on the determination that the models subject to existing studies are 

lacking one or more of these features, they cannot meet all requirements together. 

 

 

  

 

 
Figure 2. 3D printed prototype of USEFUL CO-HAND  
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Abstract 

The donation system in non-profit organizations lacks transparency because donors do not trust  the mechanism of 

donation and how the funds will reach those who deserve it as a result of corruption in the management of funds [16] [14] 

[8] [15],According to  research conducted by the Higher School of Economics of the National Research University, it 

turns out that 57% of people make donations [8], But some widely publicized scandals in the more inclusive charitable 

sector in past years have caused donation to grow at a slower pace than GDP(Gross Domestic Product)  by declining 11% 

since the early 2000s[6] which led to the possibility of using a blockchain-based donation system which called for the 

necessity of using a blockchain-based donation system.     

The use of blockchain technology greatly increases the level of transparency and allows the donor to easily track the 

donation process, as the Ethereum blockchain increases transparency by eliminating the role of the intermediary because 

the decentralized nature of blockchain makes it  prevent manipulation, it also includes smart contracts that help to 

implement business logic and  Consensus protocols which help in bringing transparency and tracking money and making 

donors monitor transactions which contributes to regaining the trust of donors. The mechanism of work of these systems 

was compared through this scientific review of a number of research papers, then shed light on the challenges and future 

trends facing blockchain technology, and it was noticed that the development stages are still very early, and there are still 

many technical obstacles that must be overcome when it comes to making these systems usable and efficient. 

 

Keywords — donation system, blockchain, peer to peer, cryptocurrencies, Digital Charity, Tracking Donation, 

Transparency, Ethereum, Charitable Foundations Blockchain, Smart-contracts. 

 

 

Introduction 

Crowdfunding is a priority for most nonprofit organizations because it is an effective and easy way, and has recently 

become a popular source of fundraising to fund their projects in many developed countries as well. This system works 

almost like paper money, where there are platforms supervise and regulate the activities of private fundraising and contact 

with investors in an attempt to ensure confidence and security in financial transactions ]1[. 

Recently, there has been a problem of severe weakness in the funding of these projects due to the lack of transparency 

between the donor and the organization, where a general state of mistrust of donors in donating to the projects of these 

organizations has been generated as a result of apparent corruption in the management of funds[19]. 

Hence it has been crucial to use blockchain technology in donation systems for these projects, which promotes 

transparency and enhances confidence as a decentralized technology with no third party running the process or stands 

mailto:adibhabbal@karabuk.edu.tr
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between the donor and beneficiary, so this technology creates and stores  contracts, and also tracks the movement of funds 

within the network without tampering with the stored data. 

The concept of blockchain technology is a continuously growing records stored in blocks where the blocks are linked 

together using cryptographic hashes [17]. 

Previously, blockchain was used as a digital currency like bitcoin, but then we see that blockchain for its importance and 

distinctive features has expanded into many fields including the Financial Field, healthcare, internet of things, legal 

perspective, Power Grid, E-Business, Cloud Computing and many more areas that are still under development ]2[. 

In this scientific review, various methods were presented to solve the problem of transparency and tracking the donation 

process in non-profit organizations using blockchain technology, and comparing  its different mechanisms of action and 

characteristics of each mechanism separately, and also identifying the challenges and future trends facing blockchain 

technology, and finally its own development stages [3][17]. 

 

Donation system for non-profit organizations 

The online donation system for non-profit organizations consists of three components which are the constituent database, 

the payment gateway, and the merchant account. 

The constituent database or CRM (constituent Relationship Management Database) retains track of all kinds of details of 

donors and donations. 

 Payment gateway is the virtual credit card terminal that controls all data flow from the donation button to the credit card 

network and merchant account. It is also held for fraud screening. 

The term merchant account refers to a specialized bank account for nonprofit organizations (or merchants in general), 

that handles money from the donor's credit card company and then deposits the money into the nonprofit's bank account. 

Merchant account fees consist of transaction fees (a % plus a fixed amount), most of which are determined by interchange 

fees set by credit card networks [21]. 

The donation process is done through the following steps: 

The donor visits the Web page of the non-profit organization, browse projects and choose the project for which he wants 

to donate. 

The donor enters the credit card information on the Web page and the credit card numbers are transferred by the payment 

gateway. In case of recurring information some entities need to track the credit card charging time in each period of time. 

There is a near-instant authorization process that tells all parties whether or not a transaction will be completed within a 

timeline that takes hours or even a whole day to officially complete the transaction. 

Money flows, and information flows into the CRM database through which an email is sent to the donor when the 

transaction is completed, as shown in Figure 1. 
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Figure 1. Process pays money [21] 

Nonprofit organizations collect donations, whether through funding or individual donors, via payment methods whether 

through nonprofit organizations websites, or bank accounts [9]. 

There are many payment methods in which the donations for nonprofits can be made through website by a payment 

service provider that manages the transactions between the donor and non-profit organizations. They are as follows:  

1. Amazon: Amazon Payments fee starts at (2.9% + $0.30) per company for payments over $10. For payments under $10, 

the fee is (5.0% + $0.05) per transaction, and it takes 24 hours. 

2. PayPal: is the most used payment company in the world and is done by using an existing user account or by a credit 

card and the process takes 3 to 5 days, and takes a fee of (0.30 + 2.9%)  per transaction. 

3.Google Checkout: This service allows payment through an account linked to their google profile, this transaction fee is 

0.45 USD, and 10.99 USD is a monthly service fee, and the transaction takes 2-5 days. 

4. Dwolla : A direct competitor to PayPal, this company has no transaction fees under $10. For transactions over $10, it 

charges $0.25 per transaction, and takes 3 to 4 days. 

5. Stripe: provides a good solution for a web developer who wants to integrate a payment system through projects using 

Stripe's powerful API and charges ($0.30 + 2.9%) per transaction with no setup or monthly fees and the process takes 7-

14 days. 

All online payment systems set a tax rate on fixed or variable transactions, limited funds sent, and what distinguish it is 

the existence of a traditional third-party for payment, this is very important in order to secure online payments. To 

understand the success of the online payment system it is necessary to analyze the strategies of the actors in the donation 

process such as non-profit donor organizations, and disclaimer of responsibility for private transactions to ensure the 

confidentiality of cardholder information [10]. 

The following is a comparison between the payment instruments, which are shown in the following table 1 
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Table 1. Comparison between donation mechanisms without using blockchain technology 

# Mechanism Exchange International 

availability 

Payment 

accepted 
Transaction 

fees 

need a separate 

merchant 

account 
support 

The 

maximum 

transfer 

rate 

Duration 

of the 

conversion 

(Days) 

1 
PayPal 

Standard 
Yes 190 countries Major credit 

cards PayPal 

2.9% 

+0.30$ per 

transaction 
No 

Phone 

and 

email 

Send up to 

$60,000, 

but may be 

limited to 

$10,000 

3-5 day 

2 Stripe Yes 
US/Canada/F

rance/UK 
Major credit 

cards 

2.9% 

+0.30$ per 

transaction 
No email 

Value of 

99999999 

for a 

charge of 

999,999.99 

USD). 

7–14 days 

3 2Checkout in process 200 countries Major credit 

cards 

2.9% 

+0.30$ per 

transaction 
 

Phone 

and 

email 

There is no 

upper limit 
2-5 day 

4 Dwolla 
No 

 

US only Dwolla 
.25$ per 

transaction 
No email 

A limit of 

up to 

$10,000 

and receive 

up to 

$5,000 

3-4 day 

5 Authorize.net in process us/canada/uk 

Major credit 

cards /ank 

account 

payment 

0.10$ per 

transaction 

 

Yes 
Phone 

and 

email 

The 

monthly 

volume 

limit is 

$5000 

while the 

maximum 

transaction 

size is 

$100 

1day  
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Challenges of payment methods without using blockchain 

Through research, it turns out that payment methods without using blockchain technology face some challenges, namely 

that sending money is limited to a specific amount, and that the money reaches the other party takes longer than one day. 

These organizations often have problems accessing finance in terms of institutional inefficiency or mistrust of financial 

transactions on the web [11]. 

The Blockchain technology 

After the donation system in non-profit organizations was discussed, the Blockchain technology and the donation 

system through it are introduced here. 

Blockchain 

It is defined as a global database and an immutable ledger that allows transactions to be executed in a decentralized 

manner without a third party and is publicly available to read, But the transaction cannot be modified once it has been 

registered. Its importance lies in the fact that it is decentralized, anonymous, accurate and has wide applications. 

Blockchain Architecture 

The basic components that encapsulate the basic structure of blockchain technology are: 

Node 

It is considered as the user or computer within a blockchain structure that has a separate copy of the ledger of the entire 

blockchain. Developers use nodes to build blockchain-based applications. 

Transaction  

It is the smallest building block in the blockchain system (records, information....), which stores the whole copy of the 

distributed ledger and is responsible for the reliability of the data stored in Blockchain nodes.  

Block  

A data structure used to hold a set of transactions that are distributed to all nodes in the network. 

Chain  

It is a series of blocks in a specific order. 

Miners  

A node in the network collects and organizes transactions into a block. When transactions are made, they are considered 

received by all network nodes, and it is validated, then miner nodes collect these transactions from the memory pool and 

start aggregating them into a block (candidate block). 

 

Consensus protocol  

It is the set of rules and arrangements necessary to carry out blockchain operations, intended to ensure the stable operation 

of blockchain systems. A contract agrees to      a certain value or transaction through the consensus protocol. 

In blockchain technology, any record or transaction is seen as creating a new block, and then each record is digitally 

verified and signed for authenticity before that block is added to the network and verified by the majority of nodes in the 

system. 

 The following: Figure 3 shows the outline of the structure of blockchain and how it works in the form of a digital wallet. 
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Figure 2. How blockchain works [22]. 

 
Advantages of blockchain technology 

Trust: through blockchain technology, new data is joined to the ledger when the majority of the network is approved 

and the data is authenticated in short periods, and updated data is stored or more accurately appended to it and made 

available to all participating network counterparts. 

Trust and transparency the previous data can't be tampered with or lost once entered, therefore, there is a historical 

record of an incorruptible. The record stays always in the system. Transparency is accomplished by checking all the 

variables by any party involved in the network. 

Disintermediation: the blockchain ledger (database) is not maintained by any single person, company or government, 

but by all participating networked computers distributed worldwide. This means that two parties can interact without 

the need for any central intermediary to authenticate transactions or validate records. 

Substantial Improvements: blockchain can lead to significant cost savings and greater speed when transferring money 

or other assets, as transactions are possible. 

Blockchain applications 

There are several blockchain uses, for example: 

1. Internet of Things (IoT): 

Spending in the Internet of Things market is expected to exceed $1 trillion in the coming years. Blockchain IoT has 

this opportunity to step in and provide the ultimate system for tracking the unique stories of billions of smart devices 

coming online over the coming years. 

2. Financial Services: 

Blockchain financial services are redefining the old paths of our current financial system infrastructure. This highly 

operational field has many branches ranging from back-end clearing and settlement to designing global capital 

markets. While distributed ledger networks do not need to be fully decentralized in some of these situations, many 

financial institutions are looking to create their own “private blockchain”. 

 

3- Healthcare: 

Blockchain technology has the potential to disrupt the central operations of the healthcare industry, opening the door 

to automated distribution of businesses and services. Distributed ledger technology (DLT) is a fruitful breakthrough 

https://www.blockchaintechnologies.com/applications/healthcare/
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with the possibility of enhancing accountability, safety, and efficiency. Smart contracts operate on the blockchain 

automatically without the need for third-party personnel to validate documents or unique measures. 

4- Education 

The blockchain manages decentralized records in educational institutions in addition to the uses that lie in student 

data, credential management, administration and teaching activities, as well as learning in schools [20]. 

 

Donation System for Non-Profit Organizations Using Blockchain 

After a marked decline in trust in non-profit organizations as the number of donors and donations decreased, the 

demand for more public scrutiny, accountability and transparency in donation processes increased, hence the need to 

use blockchain technology as a new way to increase trust between donors and nonprofits by adding more transparency 

about how the donation process is tracked using the blockchain [12] [7]. 

Below is a review of scientific papers that discuss the proposed solutions to the problem of transparency and tracking 

using blockchain technology through several methods. 

In a scientific paper [14] by authors Abid, Farouk, Khan, a model is presented for making philanthropy -charitable 

work- transparent and auditable using blockchain technology. 

This paper introduces a blockchain-based philanthropy platform that aims to provide a transparent, secure, auditable 

and efficient system that fully covers the process of charitable fundraising using cryptocurrency and introduces 

CharityCoin as a digital currency. 

Figure 3 shows the mechanism of action within the framework of the proposed solution, where the main user of the 

application directly connects to the DApp, which is a charitable management platform for all users consisting of a 

private profile with a public address and wallet, In addition to the ability to manage the profile of the application 

which allows the donor to know where their donations go using blockchain tracking and to get the notification of the 

donor when it reaches the beneficiary, Once the donor makes a donation, it is locked by smart contracts that provide 

a secure transaction with proof of work and cannot be tampered with. The locked payment is under a smart contract. 

The scientific paper explains that the donation process is done by donating to the same charitable organization that 

has a digital wallet, or by owning a wallet for the beneficiaries and communicating with them directly. 

 

 

 

Figure 3. Proposed framework for [14]. 
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In another scientific paper, the authors talk in [8] about the basic system for tracking donations to charities based on 

Blockchain technology, they demonstrate the implementation of a blockchain-based donation tracking platform by 

creating transparency files for donations and financial transactions and enabling users and donors to track and monitor 

where, when and to whom charitable fund resources have gone. 

Figure 4shows the proposed platform for the system in the aforementioned scientific paper, where the data of the 

applets are stored in a central storage outside the blockchain and the master data is stored in the blockchain, all entries 

are made in decentralized storage using smart contracts, while data is transmitted and received through the blockchain 

and centralized storage using REST orders. 

 

 

Figure 4. The architecture solution for [8]. 

In a third scientific paper, the authors Singh, Rajak and Mistry [15] addressed charitable donations' tracking system 

using Blockchain. 

The paper proposes a decentralized system for tracking donations based on blockchain technology through the 

Ethereum Blockchain and allows direct access to the intended beneficiaries. 

Figure 5 shows the system proposed by its participated parties, namely NGOs and the government agency. The 

system allows NGOs to raise their requirements according to a specific format through the system's control panel. 

The government agency, in turn, approves the requirements put forward by the NGOs. After the approval of the 

government agency, the requirements appear on the donors' dashboard where they can donate according to their 

abilities. 
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Figure 5. System design for [15]. 

In another scientific paper, authors Sirisha, Agarwal, Monde, a solution for donations that can be tracked using 

Blockchain is proposed [16], and it's can be done through a system called Charity-Chain that uses a decentralized 

network based on Ethereum that helps a social enterprise operate transparently through smart contract-based 

incentives to ensure .their impact is independently verified and accessible by each one. This makes it easier for 

financiers to monitor transactions, thus increasing confidence in dealing with these social organizations. 

The scientific paper shows the main parties as shown in Figure  6as follows: 

Organization (beneficiary): These are charities, non-governmental organizations, or other social institutions in need 

of funds (cash or otherwise). They will be able to post their needs in a predetermined format on the charity-chain 

system, and they will play a key role in mining. 

Retailers are companies that supply tenders and price quotes. 

Officials from the government choose the merchant with the best pitch. 

Donors: These are the individuals or entities who will review the specifications published by various organizations 

and choose the accepted bidder to donate based on their abilities and preferences for the cause. 

Official from the government: This entity will verify the organizations' criteria and validate the smart contracts. 

The donor will be permitted to donate only after the official has verified his or her identity. 

 

Figure 6. Block diagram of the proposed system for [16]. 
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Table 2. Comparison of donation mechanisms using blockchain technology. 

 

 

A donation mechanism was created in a recent scientific study [17] by the authors RASHID, PRASAD, and ASSAF to 

explicitly benefit students. The study proposes a blockchain-based platform for forming and preserving contracts between 

students and intermediary higher education sponsors, as well as for fundraising. Sponsorship can take several forms, 

including scholarships, grants, and donations. The fund will be organized and administered by a group of competitive 

fundraisers, with data stored on distributed ledgers and work done as shown in Figure 7. 

 

#  Authors  Platform algorithm 
Blockchain 

technology using 
Blockchai

n type 

Category 

reached by 

donation 
Country 

1 
Abid, Farouk, 

Khan Ethereum 
Fault 

Tolerance  

Charity collection process using crypto 

wallets, Initial Coin Offering (ICO), 

economic model, and introduces Charity 

Coin (CC) as a digital currency 

public 
Beneficiaries 

in general 
Pakistan 

2 

Saleh, 

Avdoshin, 

Dzhonov 

Ethereum Russian 

Certified 

Development of a platform 

for hosting and tracking donations of 

funds for charitable 

purposes using distributed registry 

technologies 

public 
Beneficiaries 

in general 

Russian 

Federation 

3 
Singh, Rajak 

and Mistry 
Ethereum 

Elliptic 

Curve 

Digital 

Signature  

A blockchain based 

decentralized donation tracking system 
public 

Beneficiaries 

in general 
India 

4 

Sirisha, 

Agarwal, 

Monde 

Ethereum Byzantine 

Consensus 

A system 

called Charity-Chain that is a 

decentralized network 

 It helps social organizations to run 

projects transparently, 

public 
Beneficiaries 

in general 
India 

5 

RASHID, 

PRASAD, 

ASSAF, 

Not similar 

to that of 

bitcoin or 

any other 

cryptocurre

ncy 

network 

SHA-256  

 A blockchain-based platform 

to create and store contracts in between 

students and their higher education 

sponsors facilitated by 

intermediary brokers denoted as 

fundraisers 

public Students Australia 
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Figure 7. The architecture of the TEduChain platform 

 

After looking at the previous scientific papers, a comparison of the blockchain system between them was made as 

shown in Table 2. 

 
 

Transparency and Reliability 

In the previous papers, the transparency and reliability feature was analyzed and it turns out that the system is based on 

the presence of a third party between the donor and the beneficiary, often non-profit organizations, conducted under the 

supervision, control or approval of government agencies for donation operations, and this is confirmed by a contract 

between the two parties. 

Based on the above, the characteristics on which the scientific papers are based were analyzed, as shown in Table 3. 
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Table 3. Comparison of Properties using blockchain technology. 

#  Papers  Title of the scientific paper  reliability tracking system 

1 
Abid, Farouk, 

Khan 

A framework to make charity 

collection transparent and 

auditable 

  ☑ 

2 

Saleh, 

Avdoshin, 

Dzhonov 

Platform for Tracking Donations 

of Charitable Foundations 
  ☑ 

3 
Singh, Rajak 

and Mistry 

Aid, Charity and Donation 

Tracking System 
  ☑ 

4 

Sirisha, 

Agarwal, 

Monde 

platform for 

crowdfunding tertiary education 
☑   

5 

RASHID, 

PRASAD, 

ASSAF, 

Proposed Solution for Trackable 

Donations 
  ☑ 

 

 

Challenges in the blockchain donation process 

Blockchain technology is primarily based on recording all financial and non-financial transactions and eliminates the 

need to rely on a trusted third party to donate; this can be adapted by various financial institutions involving any 

transaction between the two parties, and the government can thus develop its own digital currency in order to manage all 

transactions in such a way that people would eventually trust you by eliminating corruption and offering complete 

transparency [15]. 

We also realize the continuous need to encrypt a protocol that provides a worldwide and decentralized scope of secure 

gift distribution that records this protocol, which will replace centralized trusted entities, such as charities, and protect 

donor privacy and proper fund access [3]. There is still a lot of study to be done in the design of a decentralized reputation 

system, thus development is still in its early phases, and there are many technical challenges to face when it comes to 

making these systems practical and effective [6]. 

Conclusion 

Because current fundraising systems are inefficient and opaque, there is a critical need for greater transparency 

management to track and document each transaction so that donors can see how their money is used. Furthermore, the 

government must audit the entire system. In this essay, suggested potential solutions to these issues by offering transparent 

charitable collection platforms based on blockchain technology. To transfer cash, smart contracts and digital wallets were 
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employed, and the blockchain-based system allows to register transactions without the need for a third party, which 

contributes to contributors' trust and motivation. 
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ABSTRACT 

 

The Laplace transform obviously provides an easy and effective method for solving differential equations. 

This method is based on the representation of a function with a definite integral definition. The Laplace 

transform converts a complex equation into an expression that can be solved more easily with its ability to 

express the derivative as multiplication and the integral as division. The solutions of the equations can be found 

easily by using the transformation table and transformation properties.  

 

Programming languages have a sequence of stages such as lexical analysis, syntactic analysis and semantic 

analysis, where a compilation is made from the source code to the machine code and then the resulting code 

are executed. It is possible to design an interpreter on the basis of customizing these stages on a particular 

language. In addition, ready-made tools for parser generation offer convenience for language and interpreter 

design. 

 

In this study, the design and implementation of a formal language and interpreter that operates on some certain 

Laplace rules is carried out in order to program Laplace transforms. The JavaCC tool is used to create the 

parser component of the interpreter. The parser is defined with LL(k) grammar in EBNF (Extended Backus 

Naur Form) notation and performs syntax analysis of the source code according to grammatical rules. At the 

end of the analysis stages, a tree structure is created, which is named as a abstract syntax tree. The resulting 

tree consists of objects corresponding to the operations specified in the source code and has a structure in 

which the expressions contained in the source code are constructed in a hierarchical manner. The evaluation 

of the source code is realized by using the syntax tree created as an object tree by taking into account the 

properties and semantics of the designed language.  The task involves visiting all nodes in the syntax tree 

through a class implemented with the visitor design pattern. Laplace transform definitions and applications are 

shown using the defined language rules. 

 

Keywords: Laplace transform, parser, formal grammar, interpreter 

 

1. INTRODUCTION 

 

Most differential equations that are encountered in the fields of science and engineering are more difficult to solve than 

algebraic equations. Using numerical analysis methods, some software or programs have been developed to calculate 

exact or approximate solutions to such equations (Gathen, 2013). In addition, the analysis of these equations often require 

long mathematical processes and solutions that may contain various errors because they are performed using numerical 

analysis methods with the help of the computer (Yüncü & Aslan, 2002). To get around this kind of errors, symbolic 

methods can be employed. Symbolic computational systems generally have a language in which equation systems are 

expressed and an algorithm that performs the solution of the equations created (Pehlivan, 2019).    

 

Programming languages with high-level programming structures such as Java and C have been developed to write 

problem-solving applications on the computer (Kernighan & Ritchie, 1988; Arnold, Gosling, & Holmes, 2005). They 
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cannot be used for mathematical calculations such as numerical methods, symbolic calculations, and function 

transformations (Pehlivan, 2019). However, there are software libraries such as SymPy (SymPy, 2021) and SymJa (symja-

parser, 2021) used in high-level programming languages developed for symbolic calculations. These libraries provide 

computational capabilities to the program created by using the programming language in which they are written. Except 

for program libraries, there are also computational systems such as wxMaxima (wxMaxima, 2021), Matlab (Matlab, 

2021), Mathematica (Wolfram Mathematica, 2021), Mapple (Maplesoft, 2021) developed for numerical analysis and 

symbolic calculations. These systems perform calculations with defined grammar rules. In general, a similar definition is 

used in traditional programming languages for differential equation definitions. 

 

There are transformational methods developed to solve differential equations like algebraic equations. The Laplace 

transform from these transformation methods is a more generalized version of the Fourier transformation, the signals to 

which it is applied are in the wider class and, as with the Fourier transformation, the absolute integration of the signal to 

be applied is not required to be finite (Gazi, 2014).  

 

The Laplace transformation allows an expression f(t) defined in the time zone to be expressed in the complex variable 

area or s field represented by s (Efe, 2012). The operations such as derivatives and integrals are referred to as forced ones 

in a complex plane and provide functionality to be used in the solution of linear differential equations (Yüksel, 2006). 

The Laplace transform is defined by the notation shown in Eq. (1) and the Reverse Laplace transform by Eq. (2).  

 

𝐹(𝑠) = 𝐿ሼ𝑓(𝑡)ሽ =  ⅇ−𝑠𝑡𝑓(𝑡) ⅆ𝑡
∞

𝑜
            

 (1) 

𝐿−1ሼ𝐹(𝑠)ሽ =  ⅇ𝑠𝑡𝐹(𝑠) ⅆ𝑠
𝑎+𝑗∞

𝑎−𝑗∞
            (2) 

 

Laplace conversions and conversion features are often used in control system applications rather than Laplace integral to 

achieve the transformation of a function. (Yüksel, 2006). A conversion table is created with the help of features such as 

linearity, displacement (scrolling), product, total, derivative and integral transformation (Gazi, 2014; Efe, 2012; Yüksel, 

2006).  

 

In this study, a language and interpreter suitable for mathematical representations of expressions are developed to describe 

the calculations performed on differential equations, especially Laplace and reverse Laplace transform. The interpreter 

generally consists of lexical, syntactic and semantic analysis components. The first two components, which are contained 

by the parser is created using the JavaCC tool (JavaCC, 2021), based on the related formal grammar. The parser creates 

the abstract syntax tree (AST) by performing the differentiating lexical analysis and syntax analysis. It is programmed 

taking into account the transform table and characteristics consisting of the most commonly used functions, and the 

programming stages are described. The transformation process is shown via some sample programs. In addition, the 

operations performed on differential equations and basic mathematical calculations are performed. 

 

2. MATERIAL AND METHOD 

 

The syntax of the implemented language supports the definition of computations in accordance with mathematical 

notations. The developed language does not include type declaration and the expression terminator declaration that are 

commonly used in general purpose programming languages. The language does not support loop definitions. Loop 

operations occur recursively in calculations without additional definition.    

 

2.1. Structure of language 

Calculation definitions, source code creation, and verification processes can be done easily with supported mathematical 

notation. Typically, definitions that do not match as characters or standard output definitions are defined using the method.  
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print( exp, exp, … ) 

print is used for standard output and the parameters represented by exp can be a mathematical expression, string or a 

variable. 

int( exp, var ){n1,n2} 

 

The exp shown in a definite integral expression represent a function, var represent integral variable, and {n1.n2} 

represents the integral start and end values. However, limit values definition is not used, and indefinite integral 

identification is supported in this study. 

 

For a function to have a Laplace transform, the integral shown in Equation (1) must be applied to the function. If the 

integral shown is not applied to a function, there is no Laplace transform for that function. For the Laplace transform to 

take place; the function must be defined for t ≥ 0, the function must be integrable, and the integral must be convergent, 

that is, have a finite limit. (Gazi, 2014; Efe, 2012; Yüksel, 2006). The Laplace transform pairs of the functions that comply 

with the specified rules and are supported by the commonly used language are given in Table 1.  

 

Table 1. Supported Laplace transform pairs and their definitions 

Function ( f(t) ) Definition Laplace transform ( F(s) ) 

1 1 
1

𝑠
 

eat ea*t 
1

𝑠 − 𝑎
 

e-at e-a*t 
1

𝑠 + 𝑎
 

tn tn 
𝑛!

𝑠𝑛+1
 

sin(at) sin(a*t) 
𝑎

𝑠2 + 𝑎2
 

cos(at) cos(a*t) 
𝑠

𝑠2 + 𝑎2
 

tsin(at) t*sin(a*t) 
2𝑎𝑠

(𝑠2 + 𝑎2)2
 

tcos(at) t*cos(a*t) 
𝑠2 + 𝑎2

(𝑠2 + 𝑎2)2
 

 𝑓(𝑣) ⅆ𝑣
𝑡

0
  int(a) 

𝐹(𝑠)

𝑠
 

f ' (t) y' sF(s) - f(0) 

f ' (t) y'' s2F(s) -  sf(0) - f´(0) 

f n (t) yn snF(s) -  sn-1f(0) -  sn-2f´(0) … - sf(n-2)(0) - f(n-1)(0)       
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Supported Laplace transforms are shown depending on the time variable t. The use of functions as shown in Table 1 is 

supported by the language. However, in order to be a simple notation, functions are shown with y in differential equation. 

Derivative definitions also use the y variable, as shown in Table 1. However, the basic derivative definitions will be 

explained in the next sections and are defined with different notation. The definition of the Laplace transform on the 

differential inequality is shown in below. 

 

L{ exp = exp } :  var1 = val1, var2=val2 

 

The exp expressions used in the differential inequality definition shown above represent functions, derivatives, or other 

function definitions. The equations shown after the ":" character in the definition express the definitions to be used in the 

calculations. 

 

The developed language grammar supports Laplace, Inverse Laplace and Laplace and Inverse Laplace transforms of 

differential equations, as well as the necessary definitions for arithmetic operations, calculation of derivative and function 

values.  

 

While primitive types are used as immutable in some programming languages, objects are used as mutable, and references 

of values are used in the assignment process. (Arnold, Gosling, & Holmes, 2005; Appel, 2004). Although all data defined 

with the developed language grammar are represented by objects, reference values are not used in variable assignments. 

Thus, operations with variables with the same value are performed independently of each other. In addition, type specifiers 

are not used in variable definitions and characters such as d, e and L are not supported in variable naming due to their 

special definitions. 

 

a=x^2 

b=a 

a=a*1/x 

 

In the example code block given above, variable a is defined as a value to variable b. Then the value of variable a is 

multiplied by 1/x. As a result, only the value of variable a change to x, while the value of variable b does not change. In 

addition, as it can be understood from the sample code, arithmetic operations are performed not only on numerical values, 

but also on variables. More information about the constructs created and the operations performed are described in the 

generic evaluation class and sample code evaluation section.  

 

8.1. Syntax Analysis 

Syntax analysis performed in programming languages checks whether the sequences of the elements defined in the source 

program code are defined by the grammar. In this study, formal grammar design and parser production are carried out in 

accordance with the grammar. 

 

2.2.1. Grammar design 

BNF notation, also known as CFG (Context-Free Grammar), is the most common method used to describe grammars of 

the language. In order to increase the ability to read and write BNF notation, BNF notation is expanded with meta 

characters (*, +, ?, |, etc.) to create EBNF notation. In both notations, syntactic structure is expressed by using abstraction, 

that is, non-terminal elements. Definitions are usually expressed as the left and right side of the “->” symbol (Appel, 

2004). In definitions, the left side may contain a non-terminal element and the right may contain one or more terminal 

(also called token) or non-terminal elements. (Appel, 2004; Pehlivan, 2019). 

 

First of all, lexical analysis transforms the source code of the program from a sequence of characters to a sequence of 

tokens. Tokens are adjacent characters that have some meaning when grouped together. The grammatical conformity of 
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the token sequence is checked, and it is transformed the sequence of tokens into an abstract syntax tree by parsing. During 

parsing, the token examination can be performed from top to down (LL(k) parsing) or from bottom to top (LR(k) parsing). 

 

In the LL(k) parser, the first L is the word to be parsed from left to right, the second L is the parser derivation from the 

left (left priority), and k is the number of lookahead symbols (Yarımağan, 2011). The right side of the rule must not 

contain any recursive definition from the left and the first k terminal sequences produced by the non-terminal-generating 

rule and another invoked rule must be different.  (Appel, 2004; Pehlivan, 2019). With JavaCC, which is used as a parser 

production tool, it can only produce LL(k) parser.  

 

<parse> → <F><EOF> 

<F> → <E> | "\r" (<F>)? 

<E> → <P> | <Eq>  

<P> → "print" "(" <Func> | <PM> ("," <Func> | <PM> )* ")"    

<Eq> → < LChar > "=" (<Func> | <PM>)  

<Func> → <LChar> ( " ' " )* "(" <FuncEq> | <FuncVar> ")" ( "=" 

<PM> )? 

<FuncVar> → <LChar> ( ","  < LChar > )* 

<FuncEq> → <LChar> <ASGN> <NumSelect> ("," < LChar > 

"="<NumSelect>)* 

<Lap> → "L" ( " ' " )? "{" <PM> ("=" <PM>)? "}"(<Lap_Eq>)? 

<Lap_Eq> → ":" <LChar>( " ' " )* "(" <NumSelect> ")" "=" 

<NumSelect>  

                       ( "," <LChar>( " ' " )* "(" <NumSelect> ")" "=" 

<NumSelect> )* 

<Deriva> → "d" (<Num>) ? "/" "d" (<Num>)? < LChar > ")" <PM> 

")"  

                    ("{" <FuncEq> "}")?   

<Int> → "int" "(" <PM> ";" < LChar > ")" ("{"( 

<NumSelect> |   

                <LChar> ) ";" ( <NumSelect> | <LChar> ) "}" 

)? 

<PM> → <TD> ("+" <TD> | "-" <TD> )* 

<TD> → "^" ("*" <P> | "/" <P>)* 

<P> → <T>("^" <T>)* 

<T> → <Trig> | <LChar> ( " ' " )* | < Strng > | 

<NumSelect> ( " ! " )?  

             | "(" <PM> ")" | "e" | <Deriva> | <Int> | <Lap>

  

<NumSelect> → <Number> | <MinusNumVar> | 

<PlusNumVar> 

<MinusNumVar> → "-" (<Number> | <LChar>)  

<PlusNumVar> → "+" (<Number> |  <LChar>)  

<Number> → <Num> ( "." < NUM > )? 

<Trig> → ("-" | "+")? "cos" "(" <PM> ")" | "sin" "(" 

<PM> ")" 

 

 

Figure 1. Formal grammar 

 

The formal grammar of the language gives information about the definitions and the semantic structure of the language. 

The formal grammar of the developed language is shown in Figure 1. When the grammar is examined, it is preferred to 

use the operations to be performed within the print declaration or with a variable definition. Thus, processes that will not 

be used or screen printouts are not defined. The carriage return character ("\r") is used as the end of definitions. With this 

usage, it is understandably performed as a separate code definition on each line. In addition, priority operations are placed 

lower than the root in the parsing tree, which is created by defining priority procedures later by taking into account the 

rules of priority in mathematical operations. By evaluating the created parse tree from leaves to root, priority processes 

will be evaluated earlier. 

 

2.2.2. Lexer 

The lexical analysis of a programming language is based on examining the source program code based on canonical 

grammar. As a result of this examination, the program code is broken down into tokens such as operators, special symbols, 

keywords and types defined in the language. Tokens used in the semantic analysis of the language are represented by the 

classes. Other tokens that do not have a semantic function (‘,’,’.’, ‘:’, … etc.) are only used in the language definition 

functionally and are not represented by a class. In addition, tokens such as <Num>, <LChar>, <Strng> from the tokens 

shown in Figure 1 represent data and are evaluated according to data types in semantic evaluation.  
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In in Figure 2, the tokens definition of the JavaCC tool is shown. The definitions in the TOKEN block indicate tokens of 

the language, and the definitions in the SKIP block will be ignored. 

 

TOKEN : 

{ 

  < PLUS : "+" > | < MINUS : "-" > | < TIMES : "*" > | < DIVIDE : "/" > | < POWER : "^" > 

 | < SIN : "sin" > | < COS : "cos" > | < EULER: "e" > | < FACTOR : "!" > 

 | < DERIVA : "d" > | < INTEGRA : "int" > 

 | < PRINT :"print" > | < LAP: "L" > 

 | < LP : "(" > | < RP : ")" > | < LCB : "{" > | < RCB : "}" > 

 | < NUM : ([ "0"-"9" ])+ > 

 | < DOT : "." > | < ASGN : "=" > | < COMMA : "," > | < ENTER : "\r" > 

 | < APOS : " ' " > | < COLON : ":" > 

 | < STRING: "\"" (~["\""])* "\"" > 

 | < LCHAR : ([ "a"-"c" ]  |  [ "f"-"z" ]) > 

} 

SKIP :{"\t" | "\n" | " "} 

 

 

Figure 2. Tokens definitions 

 

As an example, the sequence of the tokens produced for the statement print(“2 + 4 =”,2+4) will be as follows. 

 

<PRINT> <LP> <STRING> <COMMA> <NUM> <PLUS> <NUM> <RP> 

 

Because the lexer evaluates all tokens from top to bottom, for each word it scans in the source data and selects the first 

one matching the word and produces the corresponding token.  

 

2.2.3. Parser 

The parsers analyze the syntactic structure of a programming language and produce abstract syntax tree as a result of 

successful parsing.   Parsers can be produced with parser generation tools programmed in accordance with the 

grammatical rules of the language. The parser used in this study is generated using the JavaCC tool. Some of the 

definitions of LL(k) parser that perform top-down syntax analysis generated by programming the JavaCC tool are shown 

in Figure 3. 
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void Parse() : {}{F()(<EOF>)} 

void F() : {}{(E() | <ENTER>)(F())?} 

void E() : {} {(Print() | Eq())} 

void Print() :{}{<PRINT> <LP> (Func() | PM())(< COMMA >(Func() | PM()))*<RP>} 

void Eq() :{}{<LCHAR><ASGN>(Func() | PM())} 

void Func() :{}{<LCHAR>(<APOS>)*<LP>(FuncEq() | FuncVar())<RP>(<ASGN>PM())?} 

void FuncVar() :{}{<LCHAR>(<COMMA><LCHAR>)*} 

void FuncEq() :{}{<LCHAR><ASGN>NumSelect()(<COMMA><LCHAR><ASGN>NumSelect())*} 

void Laplace():{}{<LAP>(<APOS>)?<LCB>(PM()(<ASGN>PM())?)<RCB>(LaplaceEq())?} 

void LaplaceEq():{}{<COLON>(<LCHAR>(<APOS>)*<LP>NumSelect()<RP><ASGN>NumSelect()) 

                                  (<COMMA><LCHAR>(<APOS>)*<LP>NumSelect()<RP><ASGN>NumSelect())*} 

void Derivation() :{}{<DERIVA>(<NUM>)?<DIVIDE><DERIVA>(<NUM>)?<LCHAR> <LP> PM() <RP> 

(<LCB>FuncEq()<RCB>)?} 

void Integration() :{}{<INTEGRA><LP>PM()<COMMA><LCHAR><RP> 

                                    (<LCB>(NumSelect() | <LCHAR>)<COMMA>(NumSelect() | <LCHAR>)<RCB>)?} 

void PM() :{}{TD()(<PLUS> TD () | <MINUS> TD ())*} 

void TD () :{}{Power()(<TIMES>Power() | <DIVIDE>Power())*} 

void Power() :{}{T()(<POWER>T())*} 

void T() :{}{Trig() | <LCHAR>(<APOS>)* | <STRING> | NumSelect()(< FACTOR>)? | <LP>PM()<RP> 

                     | <EULER> | Derivation() | Integration() | Laplace()} 

void NumSelect() :{}{ Number(1) | MinusNumVar() | PlusNumVar()} 

void MinusNumVar() :{}{<MINUS> (Number(-1) | <LCHAR> | <UCHAR>)} 

void PlusNumVar() :{}{<PLUS>(Number(1) | (<LCHAR> | <UCHAR>))} 

void Number(int k) :{}{<NUM>(<DOT><NUM>)?} 

 

 

Figure 3. Parser methods 

 

The parser methods shown in Figure 3 start with the Parse method. The source code of the parser component is processed 

with the necessary methods until the <EOF> declaration, that is, the end of the code. 

 

2.2.4. Syntax Classes 

Classes defined by the parser to represent tokens generated from source code and perform operations are called syntax 

classes. Depending on the grammatical rules of the defined language, classes that specify a mathematical operation can 

represent one or more expressions according to the characteristics of the operation. For example, a syntax class that 

represents a function definition may also represent the operation defined to find the function value. In addition, 

independent definitions are represented using different classes. For example, different classes are used for classes that 

represent arithmetic operations. 

 

Classes that are not represented as tokens can also be used due to the characteristics of the transaction to be performed or 

to facilitate transactions. For example, the use of multiple and separate parameters in the print process is done using a 

different data class. To use this class with all the different classes, it makes use of the Exp parent class of all classes. Some 

of the syntax classes used in the study are shown in Figure 4. 
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class Laplace extends Exp {Exp func=null; Exp 

f_list=null; 

  public Laplace(Exp func) {this.func=func;} 

  public Laplace(Exp func,Exp f_list) 

{this.func=func;this.f_list=f_list;} 

  ........} 

class InverseLaplace extends Exp {Exp func=null;  

  public InverseLaplace(Exp func) {this.func=func;} 

  ........} 

class Times extends Exp {Exp num_1, num_2; 

  public Times(Exp num_1, Exp num_2) { 

    this.num_1 = num_1;this.num_2= num_2;}} 

class Sine extends Exp {Exp degree; 

  public Sine(Exp degree) {this.degree = degree;}} 

public class Equation extends Exp { 

  Exp a,b; 

  Equation(Exp a, Exp b) {this.a=a;this.b=b;} 

........} 

 

 

Figure 4. Syntax classes 

2.2.5. Abstract Syntax Tree 

The representation of syntax classes produced from source code with tree structure is called syntax tree. The tree structure 

is created according to the defined grammar and shows the relationship between the classes. The nodes of the created tree 

contain the classes related to the operation to be performed, and the leaves of the tree contain the source data classes. All 

operations and type checks to be performed are performed using the generated tree. While performing syntax analysis, an 

abstract syntax tree is also produced by using Java language expressions defined to parser methods. Some of the sample 

codes for creating syntax classes are shown in Figure 5. 

 

 

Exp Parse() :{Exp e;}{e = F() (< EOF >){return e;}} 

Exp F() :{Exp a = null, b = null;}{(a = Eq() | < ENTER >{a = null;})(b = F(){a = new E(a, b);})?{return a;}}Exp Print() :{Exp 

a, b = null;} 

{< PRINT > <LP > (LOOKAHEAD(2)a = Function()| a = PM()) 

{a = new ExpList(a, b);}(< COMMA >(b = Function()| b = PM()){a = new ExpList(a, b);})*< RP >  {return new Print(a);}} 

Exp Laplace():{Exp a,b,c=null;Token t=null; } 

{< LAP >(t=< APOS>)?< LCB >(a=PM()(< ASGN >b=PM() {a=new Equation(a,b);})?)< RCB >(c=LaplaceEq())? 

{return(t!=null && c==null?new InverseLaplace(a):(c==null?new Laplace(a):new Laplace(a,c))  );}} 

Exp Equation() :{Exp a;Token t;} 

{(t = < LCHAR > | t = < UCHAR >)< ASGN >(a = Function() | a = PM()) 

{return new Equation(new Variable(t.image), a);}} 

Exp Function() :{Exp c = null;ExpList a = null, b = null;Token t;int level=0;} 

{t = < LCHAR >(< APOS >{level++;})* < LP >(a = FuncEq() | b = FuncVar())< RP >(< ASGN > c = PM())? 

{return (a == null ? new Function(t.image, b, c) : new FunctionValue(t.image, a, c));} } 

Exp PM() :{Exp a, b;} 

{a = TD()(< PLUS > b = TD(){a = new Plus(a, b);} | < MINUS > b = TD(){a = new Minus(a, b);})*{return a;}} 

 

……………… 

 

 

Figure 5. Parser methods that generate abstract syntax tree 

 

The methods defined during syntax analysis produce objects that will form the syntax tree. The syntax tree generated for 

the expression print(“L{2] =”,L{2}) is shown below as an example. 

 

new Print(new ExpList(new Strng(“L{2] =”),new Laplace(new Num(2))) 
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The ExpList class shown in the syntax classes is defined as a linked list, and it contains a simple structure that contains 

the list elements defined separately in the class for convenience in semantic analysis. 

 

2.3. Evaluation 

Evaluation is performed using an abstract syntax tree generated from the source code. Evaluation operations consist of 

parts including general control, Laplace and Inverse Laplace transforms. In the general control section, the basic controls 

of the expressions defined on the abstract syntax tree are performed and the relevant evaluation according to their 

meanings is forwarded to the section. The semantic checks of the definitions are performed in the section where the 

Laplace or Inverse Laplace evaluation is performed. Likewise, there is a section that performs transformations of 

differential equations. Apart from these sections, separate evaluation sections are defined for basic derivative operations, 

arithmetic operations and expression simplification. All evaluations were made with the help of the visitor design pattern. 

 

2.3.1. Visitor design pattern 

The visitor design pattern, one of the behavioral design patterns, allows classes to communicate with each other, class 

methods call another class method, and the steps to be taken to perform an operation are separated from the class being 

studied (Teker, 2016) . In the evaluation steps of this study, the operations defined with the abstract syntax classes were 

carried out with different evaluation classes by using the visitor design pattern. Evaluation processes are carried out using 

the Visitor interface in evaluation classes and the Accept interface in syntax classes. Added accept methods of some 

syntax methods are shown in Figure 6. 

 

public class Plus extends Exp { 

  Exp num_1, num_2; 

  public Plus(Exp num_1, Exp num_2) { 

    this.num_1 = num_1;this.num_2 = num_2;} 

  public Object accept(Visitor v) {return 

v.visit(this);} 

} 

public class Times extends Exp { 

  Exp num_1, num_2; 

  public Times(Exp num_1, Exp num_2) { 

    this.num_1 = num_1;this.num_2= num_2;} 

  public Object accept(Visitor v) {return 

v.visit(this);} 

} 

public class Function extends Exp { 

  String name;Exp input;Exp output; 

  public Function(String name, Exp input, Exp output) { 

    this.name = name;this.input = input;this.output = output;} 

  public Object accept(Visitor v) {return v.visit(this);} 

} 

public class Print extends Exp { 

  ExpList a; 

  public Print(Exp a) {this.a=new ExpList();this.a = 

(ExpList)a;} 

  public Object accept(Visitor v) {return v.visit(this);} 

} 

 

   

Figure 6. Accept interface definitions 

 

The visitor interface includes visit methods, where syntax classes used in evaluation classes are defined as parameters. 

Some methods defined in the visitor interface are shown in Figure 7.   
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public interface Visitor { 

public Object visit(Cosine e); 

public Object visit(Divide e); 

public Object visit(Minus e); 

public Object visit(Plus e); 

public Object visit(Sine e); 

public Object visit(Times e); 

public Object visit(Num e); 

public Object visit(Strng e); 

public Object visit(Variable e); 

public Object visit(Equation e); 

public Object visit(Print e); 

public Object visit(Function e); 

public Object visit(Derivative e); 

public Object visit(Integration e); 

public Object visit(Laplace e); 

public Object visit(InverseLaplace e);  

public Object visit(Euler e);  

………. 

} 

 

 

Figure 7. Visitor interface methods 

 

Evaluation classes can use different types of syntax classes together, and operations can be performed with different 

classes and types in semantic evaluation. Therefore, the return types of the methods defined in the Visitor classes are 

defined in the Object type. 

 

2.3.2. General evaluation class 

The general evaluation class is the class in which the syntax tree is first analyzed for the operations to be performed. In 

other words, while the general evaluation class performs the main evaluation, Laplace analyzes syntaxes such as 

derivative and arithmetic operations and directs them to the relevant evaluation class. As a result of the analysis performed 

at this stage, variable definitions are kept in pairs with the dictionary (dictionary) data structure (key, value). In this data 

structure, the key is the name of the variable and the value is the value of the variable. However, the value of a variable 

can be classes that represent data defined in language grammar (Variable, Num, Strng), or it can be any mathematical 

operation. Therefore, the type of value field in the data structure is defined as Exp, which is the most general type in 

language grammar. When variables are used, operations are performed by checking their values in the data structure. In 

other words, no evaluation is made on unused transactions. The result of the evaluation is used independently of the data 

table and the value in the data structure is updated. Assignment operations between variables are performed by creating 

a new variable definition on data structure. The general evaluation class MainEvalVisitor and some evaluation methods 

are shown in Figure 8. 
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public class MainEvalVisitor implements Visitor { 

  Hashtable<String, Exp> var_list = new Hashtable<String, Exp>(); 

  public Object visit(Exp e) {return e.accept(this);} 

  public Object visit(Equation e) { 

    if(e.a instanceof Variable)  

      var_list.put(((Variable) e.a).toString(), (Exp) this.visit(e.b)); else return e;  

     return e; 

  } 

  public Object visit(Plus e) {   

    if (e.num_1 instanceof Num && e.num_2instanceof Num)  

      return new CalcEvalVisitor().visit(new Plus(e1,e2)); 

  ……….  

  } 

  public Object visit(Laplace e) {return new LaplaceVisitor().visit(e);} 

  public Object visit(InverseLaplace e) { 

    if(e.func instanceof Variable) e.func=this.var_list.get(e.func.toString()); 

      return new InverseLaplaceVisitor().visit(e); 

  } 

………. 

Figure 8. General evaluation class 

 

As seen in the general evaluation class, if an addition (Plus) syntax evaluation is defined with Num syntax classes, that 

is, if the syntax tree is new Plus( new Num(x), new Mum(x)), the evaluation is performed in the CalcEvalVisitor class, 

which is a different evaluation class. Likewise, the evaluations of the Laplace and Inverse Laplace syntax classes are 

performed with the LaplaceVisitor and InverseLaplaceVisitor evaluation classes. 

 

2.3.3. Laplace and inverse Laplace evaluation classes 

The Laplace or Inverse Laplace syntax classes are evaluated by the Laplace and Inverted Laplace evaluation classes. 

Laplace and Inverse Laplace evaluation classes make evaluations according to the transformation definitions in Table 1. 

The definitions of the Laplace evaluation class and some methods are shown in Figure 9. 

 

public class LaplaceVisitor implements Visitor { 

  public Object visit(Exp e) {return e.accept(this);} 

  public Object visit(Variable e) {if(e.toString().equals("t")) 

   return new Divide(new Num(1,1),new Power(new Variable("s"),new Num(2,1)));  

   else return new Divide(e,new Variable("s")); 

  } 

  public Object visit(Num e) {return new Divide(e,new Variable("s"));} 

  public Object visit(Plus e) {return new Plus((Exp) this.visit(e.num_1), (Exp) this.visit(e.num_2));} 

  public Object visit(Cosine e) { 

    if(e.degree instanceof Variable && ((Variable)e.degree).toString().equals("t") ) 

    return new Divide(new Variable("s"),new Plus(new Power(new Variable("s"),new Num(2,1)),new Num(1,1)) ); 

    ………. 

  }  ………. 

} 

 

Figure 9. Laplace evaluation class 
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In transformation operations, the definition variable t and the transformation variable s are considered. The 

transformations of the functions are performed depending on the t (Time) variable. When the Laplace evaluation class is 

examined, in the syntax class evaluation defined as Variable, if the variable name is t, it is evaluated as a time variable. 

If the variable name is different from t, it is constant as a constant (Number). In the properties of Laplace transforms, it 

is seen that the linearity feature is also applied in the evaluation of the addition (Plus).    

 

The evaluation class that performs the inverse Laplace transform and the definitions of some methods are shown in 

Figure 10. 

 

public class InverseLaplaceVisitor implements Visitor { 

public Object visit(Divide e) { 

 if(e.num_1 instanceof Num && e.num_2.toString().equals("s") ) return e.num_1; 

 else if( e.num_1 instanceof Num && e.num_2 instanceof Power && ((Power)e.num_2).base.toString().equals("s") ){ 

 Num n1=(Num)new CalcEvalVisitor().visit(new Minus(((Power)e.num_2).exponent,new Num(1,1))); 

 Num fac1=(Num) new CalcEvalVisitor().visit( (new Factorial( n1 ))); 

 return  new Times(e.num_1, new Divide(new Power(new Variable("t"),n1),fac1)); 

 ………. 

  } 

public Object visit(Plus e) {return new Plus((Exp)this.visit(e.num_1), (Exp)this.visit(e.num_2));} 

………. 

} 

 

 

Figure 10. Inverse Laplace evaluation class 

 

The inverse Laplace evaluation class is the class that converts Laplace expressions to their counterparts in the time 

domain, and the operations specified in Table 1 are supported. Evaluation operations are performed by considering the 

basic variable s and transform properties of Laplace expressions. When the Inverse Laplace Transform evaluation class 

is examined, the Num(x) syntax is produced as a result of evaluating the expression defined as the division (Divide) syntax 

class new Divide(new Num(x),new Variable(“s”)). Also, if the Divide syntax class is new Divide(new Num(x),new 

Power(new Variable(“s”),new Num(x)) , since this expression is the Laplace transform of the tn expression, the exponent 

of the dividing expression is decreased by one and the factorial value of this value is the syntax class representing tn is 

created by computation. The factorial operation used for this operation is the syntax class defined by the evaluation class 

CalcEvalVisitor and is used in the syntax class generated by the evaluation result of the factorial object. 

  

2.3.4. Basic derivative and differential equation evaluation classes 

For the basic derivative definition, a notation similar to the mathematical notation is preferred. For example, the first-

degree derivative of x3+y for the variable x is defined with the notation d/dx(x^3+y). The derivative of the same expression 

for the second-order variable x is defined with the notation d2/2dx(x^3+y). The basic derivative evaluation class and some 

of its methods are shown in Figure 11. 
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public class DifferentiationEvalVisitor implements Visitor { 

  Variable v; 

  public DifferentiationEvalVisitor(Variable v) {this.v=v;} 

  public Object visit(Num e) {return new Num(0,1);} 

  public Object visit(Variable e) {if(v.toString().equals(e.toString())) return new Num(1,1); else return e;} 

  public Object visit(Plus e) {return new Plus((Exp)this.visit(e.num_1), (Exp)this.visit(e.num_2));} 

  public Object visit(Power e) {  

    Exp e1=(Exp)this.visit(e.base); Exp e2=(Exp)this.visit(e.exponent); 

    return new Plus(new Times(e2, new Times(e, new Ln(e.base))), new Times(e.exponent, new Times(e1,  

                              new Power(e.base, new Minus(e.exponent, new Num(1,1)))))); 

  } 

………. 

 

 

Figure 11. Basic derivative evaluation class 

 

In the derivative evaluation class, there are methods to perform basic derivative evaluations. Derivative evaluation for 

exponential expressions is found using the definition y' = uv(v'.ln(u) + v.u'/u). For example, the first-order derivative of 

x3 is defined as d/dx(x^3) and the syntax class is formed as follows. 

  

new Derivative(new Power(new Num(3,1)),new Variable(“x”),1,1)  

 

For operations performed with differential equations, a definition similar to mathematical notation is used as an alternative 

to the basic derivative definition. As an example, the differential equation definition can be represented by the equation 

y' + 2*y = e^2. In this equation, Laplace transforms are performed with the derivative transforms shown in Table 1. The 

definition of inequality requires the definition of preconditions according to the differential equation used. An example 

differential equation inequality and Laplace transform the definition of precondition statements are shown below. 

 

L{y'=e^(2*t)} : y(0)=3 

 

As shown in the definition, the differential equation with the Laplace operator and then the prerequisites for the solution 

are defined. Differential equations evaluation class and some methods are shown in Figure 12. 
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public class SimpleLaplaceVisitor implements Visitor { 

  public Object visit(Times e) { 

    if(e.num_1 instanceof Num && !(e.num_2 instanceof Num)) return new Times(e.num_1,(Exp)this.visit(e.num_2)); 

    else if(e.num_2 instanceof Num && !(e.num_1 instanceof Num)) return new Times(e.num_2,(Exp)this.visit(e.num_1)); 

    else return e; 

 } 

  public Object visit(Plus e) {return new Plus((Exp)this.visit(e.num_1), (Exp)this.visit(e.num_2));} 

  public Object visit(SimpleDerivative e) {Exp result=null; 

……….   

    if(i==e.level-1) {result=(Exp)new Minus(result,new Times(new Power(new Variable("s"),new Num(i,1)), 

   new SimpleFunction(e.func,new Num(0,1))));} 

    else {result=(Exp)new Minus(result,new Times(new Power(new Variable("s"),new Num(i,1)), 

    new SimpleDerivative(e.func,new Num(0,1),e.level-i-1)));}}return result; 

} 

 

……….. 

 

 

Figure 12. Differential equations evaluation class 

 

The differential equation evaluation class is named SimpleDerivative, and methods that evaluate alternative derivative 

notation perform operations recursively. The derivative operation is performed by decrease the order of derivatives by 

one at each iteration. 

 

Mathematical operations can consist of not only numeric values, but also variables and expressions that show the variable 

and numeric values together. Therefore, SimplifyVisitor evaluation class, which is used for simple expression 

representation, has been created in order to make the representation simpler. For example, expression 2*1/x is represented 

by the syntax new Times(new Power(new Variable(“x”),new Num(2,1)),new Divide(new Num(1,1),new Variable(“x))) is 

simplified as new Variable(“x”) syntax, so expression x, as a result of the simplification evaluation. In addition, 

evaluation classes are carried out using different classes according to the operations they perform in order to program the 

evaluation processes in an easier and more understandable way. A different evaluation class CalcEvalVisitor has been 

created for arithmetic operations to be performed with numeric values or variables. For example, the syntax new Plus(new 

Variable(“x”),new Num(2,1)) represents x+2, and if a value assignment has occurred for the variable x, the evaluation 

result is generated using the variable value. simplification and arithmetic evaluation classes and some methods are shown 

in Figure 13.    
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public class SimplifyVisitor2 implements Visitor { 

  public Object visit(Variable e) {return e;} 

  public Object visit(Num e) { 

    if (!e.denominator.equals(new BigInteger("1")) &&  

        e.numerator.mod(e.denominator).equals(new 

BigInteger("0"))) { 

        e.numerator = e.numerator.divide(e.denominator); 

        e.denominator = e.denominator.divide(e.denominator);} 

    return e; 

  } 

  public Object visit(Plus e) { 

    Exp e1 = (Exp) this.visit(e.num_1); 

    Exp e2 = (Exp) this.visit(e.num_2); 

    if (e1 instanceof Variable && e2 instanceof Variable) { 

     if (e1.toString().equals(e2.toString())) { 

        return new Times(new Num(2, 1), e1);}  

        else return new Plus(e1,e2); 

      } 

………… 

    else if (e1 instanceof Num && e2 instanceof Variable){ 

      return new Plus(e2, e1); 

    } else if (e1 instanceof Num && e2 instanceof Num) { 

      return (Exp) calcV.visit(new Plus(e1,e2)); 

………… 

} 

  public Object visit(Times e) { 

    Exp e1 = (Exp) this.visit(e.num_1); 

    Exp e2 = (Exp) this.visit(e.num_2);   

    if(e1.toString().equals("1") ) 

      return e2; 

    else if(e2.toString().equals("1"))  

      return e1; 

    else if(e1.toString().equals("0") || e2.toString().equals("0")) 

      return new Num(0,1); 

…………… 

} 

…………… 

} 

public class CalcEvalVisitor implements Visitor { 

  public Object visit(Num e) {return e;} 

  public Object visit(Variable e) {return e;} 

  public Object visit(Plus e) { 

    Exp e1=(Exp)this.visit(e.num_1); 

    Exp e2=(Exp)this.visit(e.num_2); 

    if (e1 instanceof Num && e2 instanceof Num) { 

      BigInteger numerator = ((Num) e1).numerator.multiply( 

      ((Num) e2).denominator).add(((Num)e1).     

      denominator.multiply(((Num) e2).numerator)); 

      BigInteger denominator = ((Num) e1).denominator.multiply(  

      ((Num) e2).denominator ); 

     return new Num(numerator, denominator, 1); 

   } 

    else if(e1 instanceof Variable && e2 instanceof Variable &&     

               e1.toString().equals(e2.toString())) 

  return new Times(new Num(2,1),e1); 

 else return new Plus(e1,e2); 

………. 

} 

  public Object visit(Power e) { 

     Exp e1=(Exp)this.visit(e.base); 

     Exp e2=(Exp)this.visit(e.exponent); 

     if (e1 instanceof Num && e2 instanceof Num) { 

 if( ((Num)e1).dNum_c || ((Num)e2).dNum_c  ) {  

    double s = Math.pow(((Num) e1).toDouble(),  

                                   ((Num) e2).toDouble()); 

  return new Num(s, 1); 

 } 

 else if( ((Num)e1).toDouble()==1.0 ) 

   return new Num(1,1); 

 else if( ((Num)e1).toDouble()==0.0 ) 

   return new Num(0,1); 

………… 

  } 

………… 

} 

 

 

Figure 13. Simplification and arithmetic evaluation classes 

 

As can be seen from the simplification and arithmetic evaluation classes, numbers are expressed with a rational structure 

using the Num class. The Num class has a general structure that can represent all numbers. Decimal numbers can also be 

fractionally represented by the Num class. Arithmetic operations are performed as desired according to the structure. The 
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double type supported by the Java language is preferred as the decimal number type. The definitions of the Num class 

and some methods are shown in Figure 14.    

 

public class Num extends Exp { 

  double dNum = 0.0; 

  public BigInteger numerator= new BigInteger("0");  

  public BigInteger denominator = new BigInteger("1"); 

  public Num(BigInteger numerator, BigInteger denominator, int k) {……….} 

  public Num(BigInteger numerator, int k) {………..} 

  public Num(double dNum, int k) {………..} 

  public void simplification(){………..} 

  public String toString(){………..} 

  ……….. 

} 

Figure 14. Num syntax class 

 

There are three different constructor methods to create an object from the Num class. Regardless of which method the 

object is created, the structure represented by the rational (numerator and denominator) and double type is created. All 

constructor methods have a parameter of k used to convert to a number to a negative or positive number. A Num object 

created using BigInteger or Double type can be expressed rationally easily. However, the Num object created using the 

double type is only expressed as a double type. The rational expression is used as a reference in operations performed 

using the Num class. For example, for the expression 0.5 + 4, the Num type, which expresses the rational number 9/2, 

will be generated. for the expression 1/2 + 2 also, the Num object representing the number 5/2 will be generated. A 

simplification method was defined within the class and simplification operations of rational numbers were performed 

with this method when the Num class was created. In addition, a toString method has been created in the Num class, as 

in all syntax classes that require a language-defined standard output. Thus, the standard outputs of the classes can be 

easily created. 

 

2.4. Interpretation 

The interpreter was created by integrating the evaluation classes described in the previous sections into the interpretive 

component of the implemented language. The interpreter component created, and the sample programs implemented are 

given below. The interpreter class definition is shown in Figure 15.    

public class Interpreter{ 

  public static void main(String [] args){ 

    try{FileInputStream file = null; 

      try{ 

        file = new FileInputStream(System.getProperty("user.dir")+"/prog.txt"); 

        Exp e = new Parser(file).Parse(); 

        MainEvalVisitor m= new MainEvalVisitor(); 

        m.visit(e); 

        for (String s : m.print_list) System.out.println(s);  

        }catch (FileNotFoundException e1){e1.printStackTrace();} 

         finally{try{file.close(); 

        }catch (IOException e){e.printStackTrace();}} 

    }catch (ParseException ex){ 

      System.out.println("Fail!" + ex.getMessage());}} 

Figure 15. Interpreter class 
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The interpreter evaluates the program codes by reading the prog.txt file in the root directory. Sample programs to be 

implemented are defined in this file. 

 

2.4.1. General programming 

In the code given for the general program in Figure 16, variable definitions, and definitions of variable values as a rational, 

integer or decimal numbers are shown. When the rational number definition is performed in the definition process, it is 

seen that the number is simplified and expressed in a simpler way. Arithmetic operations between the defined variables 

and arithmetic operations between the variable and the number were performed. While performing the arithmetic 

operations, the results were created by considering the variable values. In the operations performed with functions, 

function definition with one or more variables, function printing and function results are created by assigning values to 

function variables. The printing operation of the functions is represented by the function name, similar to the variable 

definitions, and use the name of the functions. Basic derivative definitions are made similar to function definitions. Unlike 

function definitions, derivative definitions can be assigned as values to variables.   

 

Program  Output 

a=6 

b=10/12 

c=a*b 

print("a = ", a) 

print("b = ", b) 

print("a + b = ", c) 

a=a+0.5 

print("new a = ", a) 

f(x)=x^2+5 

g(x,y)=x^2+y^2+5 

a=f(x=7) 

print(f) 

print("f(x=7) = ",a) 

print(g) 

print("g(x=2,y=3) = ",g(x=2,y=3)) 

a=d/dx(x^3+2) 

print("a = ", a) 

b=d2/d2x(x^3+2){x=5} 

print("b = ", b) 

a = 6 

b = (5/6) 

a + b = 5 

new a = (13/2) 

f(x)=(5+(x^2)) 

f(x=7) = 54 

g(x,y)=(5+((x^2)+(y^2))) 

g(x=2,y=3) = 18 

a = 3*(x^2) 

b = 30 

 

 

Figure 16. General programming 

 

2.4.2. Programming Laplace transforms 

In Figure 17, sample program code and standard output for programming Laplace transforms are given. As can be seen 

in the given program codes, Laplace transforms can be assigned to variables as values. Algebraic operations can be 

performed with Laplace transforms using variables, as well as algebraic operations without using variables. In addition, 

without using variables, the evaluation result of the expression can be defined in the print statement. In the program code 

shown in Figure 17, expressions are used with print statement without using variables. Some of the supported Laplace 

transform expressions and standard outputs are shown in the program code. 
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Program  Output 

a=L{2} 

b=L{e^t} 

c=L{e^(4*t)} 

print("L{2} = ",a) 

print("L{e^t} = ",L{e^t}) 

print("L{e^(4*t)} = ",L{e^(4*t)}) 

a=5*b 

print("5*L{e^t} = ",a) 

print("L{sin(t)} = ",L{sin(t)})  

print("L{cos(t)} = ",L{cos(t)}) 

print("L{sin(t)} + L{cos(t)} = ",L{sin(t)} + L{cos(t)})  

print("L{cos(2*t)} = ",L{cos(2*t)}) 

print("L{t*cos(3*t)} = ",L{t*cos(3*t)}) 

print("L{d/dt(t^3)} = ",L{d/dt(t^3)}) 

print("L{d/dt(sin(t))} = ",L{d/dt(sin(t))}) 

print("L{int(sin(t),t)} = ",L{int(sin(t),t)}) 

print("L{int(cos(t),t)} = ",L{int(cos(t),t)}) 

print("L{int(t^3,t)} = ",L{int(t^3,t)}) 

L{2} = (2/s) 

L{e^t} = (1/(s-1)) 

L{e^(4*t)} = (1/(s-4)) 

5*L{e^t} = (5/(s-1)) 

L{sin(t)} = (1/((s^2)+1)) 

L{cos(t)} = (s/((s^2)+1)) 

L{sin(t)} + L{cos(t)} = ((s+1)/((s^2)+1)) 

L{cos(2*t)} = (s/((s^2)+4)) 

L{t*cos(3*t)} = (((s^2)-9)/(((s^2)+9)^2)) 

L{d/dt(t^3)} = (6/(s^3)) 

L{d/dt(sin(t))} = (s/((s^2)+1)) 

L{int(sin(t),t)} = (-s/((s^2)+1)) 

L{int(cos(t),t)} = (1/((s^2)+1)) 

L{int(t^3,t)} = ((6/(s^5))) 

 

 

Figure 17. Programming Laplace transforms 

 

Example program code and standard output showing the definitions used for Laplace transform of differential equations 

are shown in Figure 18. As in other uses, Laplace transforms of differential equations can be used by equating them to 

the variable. Differential equation definitions have a different expression form than other definitions. Preliminary 

definitions required for calculations must also be specified.  

 

Program  Output 

a=L{y''=e^(2*t)} : y(0)=2,y'(0)=3 

b=L{y'=sin(t)+cos(t)} : y(0)=3 

print(a) 

print(b) 

print(L{y'-2*y=e^t} : y(0)=1) 

Y(s)=((1+((3*s-6)+(2*(s^2)-4*s)))/((s^3)-2*(s^2))) 

Y(s)=(((s+4)+3*(s^2))/((s^3)+s)) 

Y(s)=(s/(((s^2)+2)-3*s)) 

 

 

Figure 18. Laplace transforms of differential equations 

 

Sample program code and standard output for programming Inverse Laplace transforms are given in Figure 19. Inverse 

Laplace transforms can be performed using variables or by defining them in the print method. The result of the same 

process definition performed with different definitions is shown to be the same. In addition, it is seen that inverse Laplace 

transforms, which are expressed algebraically, can also be defined. 
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Program  Output 

a=L{2} 

b=L{e^(3*t)} 

c=t^3 

print(L'{a}+L'{b}-L'{c}) 

print( L'{(2/s)+(1/(s-3))-(6/(s^4))} ) 

print(L'{(2/s)}+L'{(1/(s-3))}-L'{(6/(s^4))}) 

print(L'{(s/(s^2+1))}+L'{(1/(s^2+1))}) 

((2+(e^3*t))-(t^3)) 

((2-(t^3))+(e^3*t)) 

((2-(t^3))+(e^3*t)) 

(cos(t)+sin(t)) 

 

 

Figure 19. Inverse Laplace transforms program code 

 

3. CONCLUSIONS 

 

In this study, the development of a formal language and interpreter for programming and computation of Laplace and 

Inverse Laplace transforms is described. The development stages consist of formal grammatical design, syntax analysis, 

abstract syntax tree generation, semantic analysis, and interpretation of source data. The syntax of the designed language 

is derived from mathematical notations. The lexical and syntactic analysis of the source data is performed by an LL(k) 

based parser constructed via the JavaCC tool. The semantic evaluation and code interpretation stages are carried out using 

the Visitor design pattern over the abstract syntax tree. The evaluation stage is explained by providing the sample codes 

of the syntax classes from which the tree is constructed, as well as the visiting ones. The use of the language and the 

results of the evaluation are interpreted by giving sample program codes. 

 

With the developed language, the conversion stages of the important expressions specified with the related table are 

carried out. The operations such as differential inequality and simple derivative, function definition and function value 

calculation are also supported. The language also supports the variable definition and operations found in general-purpose 

programming languages. In addition, it can be shown among its extra features that it supports fractional number 

arithmetic. 

 

The mathematical calculation is a wide area that covers many different areas. It can be improved by editing the language 

structure so that different mathematical operations can be programmed. For example, some improvements can be made 

by supporting the language structure with the implementation of the integral operations specified in the transformation 

equation and the operations to be performed on complex numbers. In addition to using files for programming, a modern 

structure can be created by programming with standard input or using a graphical user interface. Since the use of the Java 

language supports many different platforms, the structure to be developed can be arranged to work on different platforms.  
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ABSTRACT 

 

Supernova remnants (SNRs) radiating at all wavelengths of the electromagnetic spectrum were discovered mainly by 

their radiation in radio wavelengths, however, while some SNRs were also discovered by Hα observations in the optical 

wavelengths. Since SNRs expand as ionized gas and have diffuse structures in the interstellar medium, some properties 

of the observing equipment such as field of view (FoV) or cooling ability of charged-coupled devices (CCD), light 

collecting power of the telescope are important factors for optical observations. Two optical telescopes, the 1.5-m 

Russian-Turkish Telescope (RTT150) and 1-m Telescope (T100), located at the TÜBİTAK National Observatory (TUG) 

in Turkey (36° 49' 27" N - 30° 20' 08" E - 2500 m) were used in this study. SNR G182.4+4.2 and SNR G67.7+1.8, which 

exhibit both diffuse and filament structures dominant at optical wavelengths, were observed to compare the capabilities 

of the two telescopes. The RTT150 telescope, which has a larger mirror than the T100 telescope, provides an advantage 

due to the detection of optical radiation at shorter exposure times, while the T100 telescope has an advantage in the 

discovery of SNRs with large angular diameters due to its CCD with a larger FoV. 

 

Keywords: instrumentation: optic telescopes − methods: observational, image processing – interstellar medium: 

supernova remnant 

 

1. INTRODUCTION 

 

Supernovae (SNe) are among the largest energy explosions (~1051-1053 erg) in the universe. These explosions are the final 

stage of evolution for massive main sequence (M☆>8M☉) stars [1]. The remnants they left behind after the explosion are 

one of the most important events in the formation of our galaxy, the interstellar medium (ISM) and many interstellar 

matter [2].  

With the expansion of the gas (ejecta) after the explosion, all particles disperse in the interstellar medium with shock 

velocity. Nebulae sweeping gas and dust from the interstellar medium are called SNRs. SNRs are determined by 

observations made in the radio, X-ray and optical regions of the electromagnetic (EM) spectrum. Since radiations at these 

wavelengths are formed as a result of different physical processes, each radiation comes from different regions of the 

SNRs. Because SNRs generate non-thermal synchrotron radiation, they mainly emit radiation in the radio region. The 

temperature of the gas in front of the shock wave is on the order of millions of degrees, and these regions emit X-rays. 

Since the temperature behind the shock wave is low, these regions emit optical radiation too. Today, approximately 300 

SNRs, known to be members of our galaxy and observed in the radio region, have been detected (Green Catalog 2019). 

Many SNRs have been discovered by Hα observations in optical regions as well as in radio wavelengths [3, 4]. 

Most of the SNRs in the Milky Way are located close to the galactic plane, and their presence in such an environment 

makes their optical observations difficult. Observations with narrowband filters (Hα, [SII], [OIII], etc.) with long exposure 

times allow this difficulty to be overcome [5]. Due to their location very few SNRs have observations in optical 

wavelengths [6]. Despite this rarity, important information about SNR and their environment is obtained from optical 

observations. These are some properties of the interstellar medium and remnant, such as the electron density of the 

medium, the velocity of the shock wave, the density of the pre-shock cloud, the chemical abundance of SNR and the SN 

burst type [7]. 

Since SNRs are often in close proximity to HII regions which are known as the diffuse nebula or emission nebula 

consisting of ionized hydrogen atoms, it is necessary to distinguish these regions from SNRs. Hα and [SII] filters are used 

in photometric observations to distinguish the SNR and HII regions. The [SII]/Hα flux ratio is a widely used criterion in 

the literature (for example, [8, 9]). While this ratio is between ~0.1-0.4 for the HII region, it can be equal or greater than 

0.5 for SNRs. This ratio is calculated from the [SII]/Hα photometric images. 

Observations and observational equipment are described in section 2. The data reduction and analysis are given in section 

3. The results are given in section 4. 
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2. OBSERVATIONS 

 

In this study, observations were made with the T100 and RTT150 telescopes in order to determine the radiation in the 

optical wavelength region of some SNRs. With the RTT150 telescope, both spectral and photometric observations of 

SNRs have been made successfully for many years. But, observations of such objects have not been made before with the 

T100 telescope, which is the 2nd largest telescope in Turkey.  

 

2.1 T100 TELESCOPE 

 

The T100 telescope, installed in 2009, has a 1 m diameter mirror and a wide FoV CCD camera dedicated for wide field 

imaging and high sensitivity photometric observations. The FoV of this CCD is 21.5x21.5 arc minutes and consists of 

4096x4096 pixels, with each pixel of 15 microns. During the observations, 2x2 binning can be made and 2 pixels can be 

used as one pixel, in this case the signal will be increased. The telescope also has an auto-guider camera, which is essential 

for keeping track of observed objects for a long time. This camera is especially important for observing faint objects such 

as SNRs. In order to these faint sources to be observed with long exposure times, the telescope should have good tracking 

at these exposure times. Other information about the telescope and CCD cameras can be found from the TUG page 

(https://tug.tubitak.gov.tr/en/teleskoplar/t100-telescope). 

Special narrow passbands and their continuum filters are needed in the observations of SNRs. Table 1 gives information 

about the filters attached to the T100 telescope used in this study. This table gives the name of the filters, the maximum 

wavelength and the full widths at height maximum (FWHM). 
 

             Table 1. Properties of the filters attached to the T100 telescope  

 

Filters Wavelength (Å) FWHM (Å) 

Hα 6560 10.8 

Johnson V 5510 88 

[SII] 6740 11.2 

Johnson I 8060 149 

 

 

 

2.2 RTT150 TELESCOPE 

 

The RTT150 telescope with a mirror diameter of 1.5 m is the largest telescope of Turkey.  The CCD camera attached to 

the telescope consists of 2048x2048 pixels with a pixel size of 13.5 microns. It has a smaller FoV, 11.1x11.1 arcmin, than 

the T100 telescope. This telescope also has an auto guider camera for tracking. Further details are given on the TUG 

website (https://tug.tubitak.gov.tr/tr/teleskoplar/rtt150). The properties of the narrowband and continuum filters are given 

in Table 2. Labels are the same to Table 1. 

 

 
       

Table 2. Properties of the filters attached to the RTT150 telescope 

 

Filters Wavelength (Å) FWHM (Å) 

Hα 6563 5 

Hα continuum 6446 13 

[SII] 6749 6.4 

[SII] continuum 6964 30 
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3. METHOD 

 

3.1 IMAGE PROCESSING 

 

Digital imaging and image processing are among the most important topics in modern astronomy. Much of what we know 

about the structure and behavior of stars, interstellar clouds, galaxies, nebulae, planets, and the universe as a whole has 

been learned through image processing and analysis. With the power of modern computers and the ability of image 

processing software, it has been possible to create high quality images in digital format [10]. In basic astronomical data 

and image processing software, astronomical data is processed using FITS files. FITS, which stands for Flexible Image 

Transport System, is a digital file format primarily used by astronomers. 

Digital astronomical images (called "optical" images) are taken using a CCD camera. The CCD image consists of the 

coordinates of each pixel on the CCD chip and a numerical value associated with the intensity of the light falling on the 

pixel corresponding to these coordinates. Any pixel value in a raw object image is related to the number of electrons 

collected in that pixel during exposure. However, a CCD detector can produce electrons even if no light falls on it. While 

some of these electrons are produced during the exposure time, some of them are constantly in each pixel. The electrons 

produced during the exposure time form the dark current. While the electrons that are close to each other but in separate 

amounts and constantly in the system are the source of the ground noise. It is necessary to subtract the counts resulting 

from these electrons from the total count. The counts due to these electrons, although very close, vary from pixel to pixel 

and overnight. To avoid these effects, CCDs are cooled. These effects are negligible, as both the T100 and RTT150 

telescopes are cooled down to -100°C. Finally, in all CCD detectors, each pixel responds differently to the incoming 

photon. That is, the response of a CCD detector to incoming light is not uniform across the detector surface. Therefore, 

raw CCD images of SNRs or other objects must be corrected for this "errors/noise" produced by the image process [11].  

Theoretically impossible images with zero exposure time or the shortest possible exposure time are taken to get rid of the 

electron noise present in the system. These are called BIAS frames. In addition, images are taken at the same exposure 

times without falling light onto the CCD in order to eliminate the electron noise produced by the system at the exposure 

times given for the observed object (DARK images). Finally, to correct the light sensitivity of each pixel of the CCD, 

individual images are taken for all observed filters (FLAT images) from a homogeneous light source. These images are 

used to arrive at the real image of the object from the raw image of the observed object, for example here the SNR region. 

The BIAS and DARK images are subtracted from the raw image, while the FLAT image is divided into this extracted 

image. Apart from these, the electronic noise that occurs during the reading of the data, bad pixels on the CCD and the 

distortions of cosmic rays falling on the CCD must be eliminated. No special images are required for these. Bias, Dark 

and Flat images taken with the T100 are given in Fig 1, Fig 2 and Fig 3, respectively. Dark current fills each pixel with 

electrons at a constant rate depending on the temperature of the CCD chip. The number of electrons the dark current 

contributes depends on the temperature of the chip and the length of exposure.  
 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 
Figure 1.  A bias image taken with a T100 telescope appears as a 4 divided frame because it consists of 4 CCDs. 
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Figure 2. Left to right dark images with 900 s and 300 s exposure times. It is seen that hot pixels increase in dark current with long 

exposure time. 

 

 
 

Figure 3. Flat images from left to right with V filter and Hα filter. 
 

3.2 DATA REDUCTION 

 

Image Reduction and Analysis Facility (IRAF) v2.7 program was used for data reduction. All pre-processes are called 

pre-reduction. Pre-reduction processes include bias removal, dark removal, bad pixel correction, flat correction, 

respectively. The ccdproc package in IRAF is used for these operations. After these pre-processes, the imalign package 

was used to correct the coordinate shifts caused by the tracking errors of the telescope, then the images taken in the same 

filters were collected among themselves. The exposure times of the selected SNRs were determined by taking into account 

the tracking capacity of the telescope and the minimum contribution of cosmic rays. Higher signal images were obtained 

by superimposing the images taken from the observed SNR with a certain filter. Directionally overlapping images are 

collected with the imarith package. 

Along with the SNR, the images taken include diffused starlight in the galaxy and the light of foreground stars [13]. In 

order to remove these contributions, additional images are taken with the continuity filters. Images taken in continuity 

filters are also used after passing through the pre-reduction stages mentioned so far. Finally, [SII]/Hα image are obtained 

by dividing the continuum-free [SII] and Hα filters. 

Some undesirable effects may occur in images other than those mentioned so far. The fringe effect seen in Fig 4 is due to 

small changes in the thickness of the CCD. As the wavelength shifts to red, the fringe effect increases. By using fringe 

maps, it is possible to eliminate the fringe effect in the image. These maps are prepared by observatories. Other effects 

are the Moon effect or aircraft, asteroid and satellite lights entering the image during long exposure times (Fig 5). These 

contributions are detected in the images and bad pixel correction is made. 
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Figure 4. From left to right, the continuum image in the I filter and the [SII]-I image, respectively. The fringe effect is visible in both 

images. 

 

 
 

Figure 5. On the left image, the ripple which is called the moonlight effect. On the right, an asteroid, plane or satellite effect due to the 

long exposure time. 
 

4. CONCLUSION 

 

SNR G67.7+1.8 and SNR G182.4+4.2 were selected to compare the efficiency of observations of SNRs at the T100 and 

RTT150 telescopes. These remnants have been previously observed at optical wavelengths in the literature ([14-17]). 

Selected SNRs have dominant optical radiation in both diffuse and filament structure, so they are suitable sources for 

comparison of the telescopes. Fig 6 shows images taken with the T100 and RTT150 telescopes of the SNR G67.7+1.8. 

All reduction and correction steps of these images have been made. The image taken with the T100 telescope was obtained 

by collecting 3 Hα images with 300 s exposure time. The RTT150 image is a [SII] image with 900 s exposure time. Since 

the FoV of the T100 telescope is larger, a larger part of the SNR is observed, but the detail, that is, the resolution, of the 

image in the RTT150 telescope is better. In addition, since the light collecting power of the T100 telescope is less due to 

its relatively smaller mirror diameter, images with longer exposure times are needed. In Fig 7, the comparison of T100 

and RTT150 images of the SNR G182.4+4.2 is also given. The SNR G182.4+4.2 images were taken with the Hα filter 

with an exposure time of 900 s in both telescopes. The Hα-V (continuum) image of SNR G67.7+1.8 are given in Fig 8. 

Because of extracting the continuum image, point star sources are white and remnant is black filament structures. Thus, 

the contribution of stellar radiation entering the CCD field is also removed. The comparison of the RTT150 CCD area 

within the T100 CCD area is shown in this figure. 
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Figure 6.  On the left image, Hα image of the SNR G67.7+1.8 taken with the T100 telescope. On the right, [SII] image of the SNR 

G67.7+1.8 taken with the RTT150 telescope. 

 

 
 

Figure 7.  On the left image, Hα image of the SNR G182.4+4.2 taken with the T100 telescope. On the right, Hα image of the SNR 

G182.4+4.2 taken with the RTT150 telescope. 
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Figure 8.  SNR G67.7+1.8, Hα-V image taken by the T100 telescope. Red box; RTT150 CCD’s size. Pink box; T100 CCD’s size. 

 

As a result, in this study, the advantages and disadvantages of the T100 telescope for photometric observations are 

discussed. It has been shown that the T100 telescope can be used effectively for SNR observations. 
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SUMMARY  

Conjunction with the use of the internet, communication technologies have become an integral part of our 

lives. As a consequence of that the number of addressable objects in the network environment has increased 

significantly, and this rate is increasing with a remainder acceleration day by day.  Therefore, generating, 

sending, collecting, and analyzing large amounts of data requires complex, fast, and functional new structures. 

After the development and proliferation of the internet, the advanced technology has undoubtedly been realized 

thanks to the rapid spread of information. There are great advances in fields such as education, industry, 

defense, and health. Hence, communication technologies also require continuous development. Along with the 

developing technology, many technical terms have entered the literature. Some of those; The Internet of Things 

(IoT) is 6G and 7G. In this paper, we conducted a literature review of IoT, 6G, 7G and beyond, which are seen 

as the future technologies. Finally, we evaluated the contributions and difficulties of these technologies, which 

have entered our lives with a very limited use, to science. 

Keywords: 6G, 7G, IoT, communication technologies, future of technology.  

 

 

INTRODUCTION 

One of the most basic needs of societies living in the information age is undoubtedly "information". Information sharing, 

which started centuries ago and has continued until today, has accelerated the developments in communication 

technologies. With these developments, many new terms have entered the literature and some of them have become an 

indivisible part of our daily life. At the beginning of these concepts are the IoT and communication technologies.  

In the process of digital convergence that started at the end of the 20th century, text, sound, and image began to be 

processed digitally by computers. With the development of communication systems, digital information transmission has 

become possible. Today, communication technologies constitute the most important reason for social and economic 

development. As a result of developments in communication technologies, communication between societies has 

improved and provided economic development. It also has a great importance in facilitating social life. Social media, 

which has become an integral part of our lives today, is the best example of this. However, it is gaining importance with 

increasing momentum in fields such as education, health, defense, and industry. Consequently, innovations in 

communication technologies are closely followed by almost all sectors. 

The concept of IoT, first used by Kevin Ashton in 1999, can be seen as a worldwide digital transformation revolution. 

IoT will change the tradition by bringing the capabilities of the internet to devices. It will also bring great changes in the 

home, office, cities, health, personal, social, transportation and logistics areas. Under favour of digital transformation, it 

will be possible to develop new products and services, develop useful business models, reduce costs, and enable agile 

decision making based on data (Kaplanseren, 2019).  

When the IoT is adopted and widespread, digital culture will evolve, technologies that make life easier will be included 

in every aspect of our lives, and the Internet will become an efficient ecosystem. In this way, the health sector will develop, 

traffic accidents will decrease, renewable energy will grow, environmental pollution will be prevented, agriculture will 

be smarter and shopping style will change. However, it will be difficult to ensure data security (Kaplanseren, 2019). 
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MATERIALS AND METHOD 

1. Internet of Things (IoT) 

With the spread of internet use, information sharing has accelerated, and technical developments have advanced too much. 

Electricity, which is accepted as the greatest invention of the 19th century, has left its place to the internet and information 

technologies today, and great progress has been made in science, especially in the last quarter century, thanks to the 

developments in information technologies. 

IoT allows almost all addressable objects used in daily life to be shared with different objects after data collection, 

processing, analysis, display, and storage are performed within the framework of predetermined criteria and rules. 

Considering the complexity of the IoT structure and the system as a whole, variables such as different platforms, different 

structures, and continuous data sharing need to be addressed in all aspects. Because in the case of IoT, different structures 

and platforms must be in a coordinated, secure, and continuous state in a public network. IoT consists of many different 

technologies and platforms such as ZigBee, Bluetooth, NFC, RFID, 6LoWPAN, 6TISCH, Wi-Fi (Söğüt & Erdem, 2017). 

IoT has become a means of facilitating and directing life as it is needed in smart homes, smart cities, health, defense 

industry, industry, education and many more. Developed countries have already begun to spend huge costs for IoT 

investments, which is an investment and R&D subject beyond just software and hardware. In addition, meaningful data 

are extracted from the meaningless data collection in the large data sets collected by IoT and analyzes are made and the 

use of these data is of great importance for almost all sectors. Because it is a fact that these processed and associated new 

data will open new horizons and provide gains.  

As a result, the IoT, which starts with a coffee machine and introduces the concept of connected things, and enables the 

formation of large data sets, is gradually developing and becoming a more complex structure. With the development of 

technology, the whole system, in which countless computers and mobile devices / objects are connected to each other, 

sharing data, and interacting using the internet environment, has brought along smart cars, smart homes, smart cities and 

many more concepts. The complex set of things formed by addressing and connecting with a different IP will be one of 

the future ways of life of humanity (Öztürk & Çavdar, 2018). 

In the words of sociology professor Neil Gross, "In the next century, planet earth will have an electronic skin. People will 

use the internet as a scaffold to support and communicate their emotions." (Kaplanseren, 2019). 

 

 

Figure 1: A representative figure of the IoT (Smith, 2015) 

 

Today, information technologies and the internet have begun to direct production, consumption, and even social lives. 

For this reason, it has great effects in terms of influencing and changing societies. Today, very new, and flexible 

communication technologies are produced. It is estimated that these increasing technological developments will increase 

the number of devices connected to the network environment by a factor of 100 (10,000%) in the next ten years (Yiğitbaşı, 

2011). 

The subject of the Internet of Things foresees those billions of devices are connected to a common network environment 

and data is shared over this network. In order to create such a large network environment, it requires the use of different 

technologies and platforms. 
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IoT is considered part of the last generation of wireless communication systems. However, it will enable applications 

such as remote medicine, smart transportation system, health monitoring and support over the internet, as well as many 

more applications. Therefore, IoT represents a concept with various design techniques. IoT is more of a family of 

communication techniques. There are some key aspects to consider when moving from a human-to-human (H2H) 

structure to a machine-type communication (MTC) structure (Gregorio, Gonzalez, Schmidt, & Cousseau, 2019). These 

can be listed as follows. 

• Extended coverage:  

• Massive number of devices 

• Low power consumption 

• High data rate 

• Low latency 

• Low data rate 

• Delay-tolerant devices 

IoT allows almost all addressable things/devices used in daily life to be shared with different things/devices after data 

collection, processing, analysis, display, and storage are performed within the framework of predetermined criteria and 

rules. In summary, IoT is a complex and large-scale network that is formed by a large number of addressable devices and 

there is communication between machines (Öztürk & Çavdar, 2018). 

 

2. Communication Technologies 

New technologies are developing at a rapid pace. Significant changes are expected in new devices, systems and 

technologies related to the functions they perform in the next years. The wide adaptability of these changes depends on 

how well they are supported by the network infrastructure. Therefore, it is necessary to predict the next generation network 

structure. It is also predicted that by 2030, new technological applications are expected to generate very high traffic 

volumes. Future technologies are expected to solve this problem by providing high network capacity and ultra-low latency 

(Yastrebova, Kirichek, Koucheryavy, Borodin, & Koucheryavy, 2018). While producing these solutions, there are also 

difficulties that will come with it. These difficulties are in their most basic form. 

• The coexistence of different protocols and systems and the interoperability of communication systems 

• Inter-cell interference 

• Radio-resource allocation 

•  Seamless connection and communication between different systems. 

• Ubiquitous coverage  

When examining communication technologies, it is necessary to briefly mention the basics. It is necessary to evaluate the 

developments starting with the 1st Generation and the 5th Generation and beyond which are used today. 

In recent years, mobile wireless communication networks have undergone a great change. Each generation has standard, 

capacity, technical and new features that make it different from the previous one. The commercial cellular network, which 

first started in the 1970s, was a big step forward for wireless communication and enabled the development of subsequent 

generations.  

First generation (1G) mobile wireless communication network, which used for voice calls only, with AMPS system 

frequency modulation, 30KHz channel capacity and 824-894MHz frequency band using frequency division multiple 

access (FDMA), with speed support up to 2.4kbps and analog was a network (Chen, Guizani, & Mohr, 2007) (Yiping & 

Yuhang, 2007). 

The second generation (2G) was introduced in the late 1980s and was a digital technology that managed to support 

messaging. 2G was able to use technologies such as Time Division Multiple Access (TDMA) and Code Division Multiple 

Access (CDMA). This provided bandwidth of up to 300KHz, allowing communications such as SMS and MMS. In 

addition, the use of GPRS technology has been the biggest step in the creation of 3G (Frattasi & Gimmler, 2008).  

These developments were followed by third generation (3G), which provided higher data transfer rates and multimedia 

support. Because 3G was more advanced than previous generations and offered a data transfer rate of about 2Mbps locally. 

In addition, high-speed internet and video chat facilities were available (Rosli, Li, Yang, & Li, 2008). 

The fourth generation (4G) is an IP-based network system that integrates 3G with fixed internet, increasing bandwidth 

and reducing resource cost. Its main purpose is to provide high speed, high quality, high capacity, security and low-cost 
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services for voice and communication. It has a capacity between 100Mbps and 1Gbps. However, 4G integrates current 

and future wireless technologies to provide seamless roaming between different technologies. Widely used today, LTE 

(Long Term Evolution) and WiMAX (Wireless Interoperability for Microwave Access) are considered 4G technologies. 

On the other hand, 5G is the next generation wireless communication network supported by LAS-CDMA, OFDM, MC-

CDMA, UWB, Network-LMDS and IPv6. The basic protocol used to work on 4G and 5G is IPv6 (Rosli, Li, Yang, & Li, 

2008), ( Ruscelli & Cecchetti, 2008). 

 

The fifth generation (5G) is the restructuring of the technological infrastructure in cellular networks used by mobile 

phones with new rules. In this context, changes in the way radio frequencies, processors and antennas are used, and new 

additions to increase capacity can be mentioned. 5G offers a true Wireless World Wide Web (WWWW), while 6G 

integrates 5G with satellite networks for global coverage. Finally, there is the prediction that the 7th generation 

communication network will deal with space roaming. 

 

It is a known fact that in the future, important developments such as artificial intelligence, machine learning and structures 

such as augmented reality will be more integrated into social life. All these developments will have a wide impact on 

every area from our private life to our business life and will clearly play a role in the development of our lifestyles. Of 

course, there is an important condition for the integration of these new technologies. This condition is undoubtedly a new 

generation communication. The structure that is predicted to provide this better is 6G. 

 

The sixth generation (6G) mobile communication networks aim to use satellite communication networks and 5G to make 

global coverage. However, 7th and next generation communication networks, telecommunication satellite systems can 

provide voice and multimedia data for user's communication requirement. Compared to satellites, cellular base stations 

are much cheaper and more stable. Also, any two different satellite systems are required for relaying/roaming when mobile 

users move from one country to another. Since navigation satellite networks are developed by five countries, it 

complicates space transmission/roaming. Therefore, 7G needs to solve this problem (Li, Gani, Salleh, & Zakaria, 2009). 

 

The main conveniences that 6G and later can bring can be listed as follows. 

• Ultra-fast Internet access 

• Data rate over 10Gbps 

• Smart Homes and Cities 

• Home automation, Space technology, Defense applications 

• Satellite to Satellite Communication 

• Natural Disaster prevention systems 

• Sea to Space Communication 

 

In addition, industrial participation in the development of these technologies will increase in the coming years, and it is 

estimated that important hardware and software technology demos will be made until 2025, followed by full-scale 6G 

test environments in 2026. It is envisaged that these test environments will serve as an excellent backdrop to showcase 

the potential of 6G and demonstrate its suitability for use cases such as multi-sensory holographic teleportation, real-time 

remote healthcare, industrial automation, and smart infrastructure and environments (Akyildiz, Kak, & Nie, 2020). 

To clarify, the communication generations are given in Table 1 chronologically in terms of speed, technology, standard 

and multiplexing. 
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Table 1: Comparison of all generations (Gawas , 2015) 

Generation 1G (1970-80) 2G (1980-90) 3G (1990-2000) 4G (2000-10s) 5G (2015-Today) 6G (After 5G) 

Speed 2.4Kbps  64Kbps 2Mbps 200Mbps to 1Gbps 1Gbps and Higher 10 Gbps to 11 

Technology Analog Digital Broadband CDMA, 
IP 

Unified IP, LAN, 
WAN, WLAN, PAN 

4G+WWWW 5G+Satellite 

Standard AMPS GSM, PDC, 

IS-95, 
IS -136, 

EDGE, 

GPRS 

CDMA 2000, 

UMTS, 
TD-SCDMA, 

WCDMA 

LTE, WiMAX LAS-CDMA, 

OFDM,  
MC-CDMA, 

UWB,  

Network-LMD S, 
IPv6 

GPS, 

COMPASS,  
GLONASS,  

Galileo 

Multiplexing FDMA TDMA, 
CDMA 

CDMA CDMA CDMA CDMA 

 

 

 

CONCLUSION 

In recent years, the majority of the world's population has started to live in metropolises. This situation makes it difficult 

to meet many basic needs from transportation to accommodation and to improve environmental conditions. Future 

technologies are focused on solving such problems. Herein, IoT is the biggest candidate to solve these problems. It is 

thought that almost every object used to facilitate daily life will become connected to the internet and cloud technology 

to ease the burden of people. It is necessary to make innovations in internet access, which is the backbone of future 

technologies, and moreover in communication technologies. Therefore, new generation technologies such as 5G, 6G and 

7G are being developed for faster and better access to the Internet. 

With the use of new generation technologies such as 5G, 6G and 7G, the energy costs used by mobile network services 

will be reduced. The power consumption per transmitted bit will be reduced and the download times will decrease 

accordingly. In short, everything that will make life easier, from robotics to artificial intelligence, from smart automation 

to nanotechnology, will be supported by new generation communication technologies. 

As a result, Switzerland is the country where 5G is used most widely in the world, and China has started to work on 6G. 

This means that in the near future, 7G and the next generation communication technologies will enter daily life. 
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ABSTRACT 

 

In the stages of human sleep, non-rapid eye movement stage1 (NREM1) is a mix of wakefulness and sleep. From a 

neurophysiological point of view, this stage is the transition from wakefulness to sleep. Therefore, classification of the 

NREM1 stage against other stages is a research challenge in sleep scoring systems. In recent years, the sensitivity of the 

NREM1 stage has played an important role in the comparison of these systems. Therefore, we implemented a machine 

learning-based system to classify the NREM1 stage from other stages in this study. The dataset used is open access and 

belongs to the Institute of Systems and Robotics, University of Coimbra (ISRUC) database. The ISRUC database contains 

more than 100 subject's Electroencephalogram (EEG) signals. Signals were recorded from the subjects during their sleep 

and interpreted by experts and divided into different stages. However, the dataset used in this study is subgroup 3 as 

ISRUC3. The subjects in this dataset of 10 people are healthy and aged between 30 and 58 years. EEG signals were 

recorded from six monopolar channels with a sampling frequency of 200 Hz. The study’s main aim is to determine which 

channel is effective in the NREM1 stage according to the American Academy of Sleep Medicine (AASM) guidelines, in 

addition to achieving a high accuracy rate. For this, the signals were first divided into 30-sec epochs, normalized, and 

filtered. Then, features were obtained from the time and frequency domain and classified with 3 different classifiers. This 

process was performed for all channels. The results show that the C3-A2 channel is more effective than the other channels 

in classifying the NREM1 stage. 

 

Keywords: Sleep, Wakefulness, Classification, NREM1, EEG, Feature extraction 

 

1. INTRODUCTION 

 

Electroencephalography (EEG) is known as a reliable method to measure, study and evaluate the electrical fluctuations 

of brain neurons [1]. The electrical signals obtained as a result of these fluctuations are transmitted through the hair-

covered skin on the head. In order to prepare for neurologic analysis, the obtained signals should be transferred to the 

computer by means of electrodes placed on the scalp. In scientific studies, it provides a great opportunity for researchers 

to examine the functions of the brain in detail [2]. One of the biggest application areas of EEG is to create the main 

diagnostic test for many important diseases. It is not overlooked that EEG is often preferred for treatment in cases such 

as epilepsy, paralysis, sleep disturbance, depression and trauma, attention disorder, perception problems, and 

forgetfulness [3].  

 

Among these application areas, the treatment of sleep disorder is of great importance worldwide because it balances 

people’s physical and mental health [4]. Therefore, solving the sleep problem has been the focus of many scientific studies 

[5], [6]. 

 

Analysis of sleep signals plays a vital role in solving sleep problems by revealing the symptoms of sleep disorders, as 

well as shedding light on the treatment of different health problems, such as diabetes and cardiovascular diseases [6]. 

Thus, sleep staging score analysis has been the main target of many sleep studies. Based on the results of the literature 

review, sleep stages can be divided into rapid eye movement (REM) and non-rapid eye movement (NREM) in general 

according to the Rechtschaffen and Kales (R&K) criteria [7], [2]. The NREM stage can be divided into 4 stages on its 

own. Stage 1 (S1), S2, S3, and S4. Thus, a total of 7 sleep stages are defined as wake, S1, S2, S3, S4, REM, and movement 

time. Of these stages, S1 and S2 are considered light sleep, and S3 and S4 are considered deep sleep. According to the 

R&K standard, epoch lengths of 30 seconds are adjusted for analysis. The other sleep scoring criterion is the American 

Academy of Sleep Medicine (AASM) [8]. In the AASM guidelines, body movement was considered as one of the sleep 

stages and stages S3 and S4 combined as a single stage [9].  

 

Determination and analysis of sleep stages by healthcare professionals is a very difficult and time-consuming process. 

Long recorded sleep signals can create a disadvantage for the patient in terms of comfort [10], [11]. In this context, the 

use of software-supported methods is of great importance in terms of cost, comfort, computational burden, and ease of 

use [12]. The definition and analysis of sleep stages is the main target of many studies. Some of these studies have been 

carried out to be beneficial for the development of automatic sleep classification methods. To achieve this goal, 

Electrooculography (EOG) and Electromyography (EMG) can be used as well as EEG [13], [14]. Two important steps 

are taken in the classification studies of EEG-based sleep stages, one is efficient feature extraction and the second is to 
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choose a classification algorithm with good performance. By using a single EEG channel, sleep stages classification was 

realized with artificial neural network classification algorithm based on power spectrum density (PSD) [15].  

 

The NREM1 stage (S1), known as the transition from wakefulness to sleep, occurs after approximately 1 to 5 minutes. 

This stage is the most superficial sleep. The person entering this phase can be easily affected by external stimuli. Brain 

waves begin to slow down, slow eye movements appear, and all the muscles in the body begin to relax [16]. Similar to 

the NREM1 stage, REM has a small amplitude EEG signal. At this stage, besides the rapid eye movement, the slow EMG 

signal movement of the jaw muscles draws attention [12], [17]. In another study [18], a successful single-channel EEG-

based sleep stages identification system using wavelet filter bank feature extraction method and support vector machine 

classification algorithm was presented. The classification of the NREM1 stage, which is one of the sleep stages, is more 

difficult compared to other stages. For this reason, the characteristics of this stage stand out as the benchmark for sleep 

studies. In a study conducted in 2019 [19], the highest accuracy rate was obtained in the Pz-Oz channel in the data set 

called Sleep-European Define Format (EDF) by the researchers. In this study, although the accuracy was 94.55%, the 

sensitivity value of the NREM1 stage was obtained as 11%. In another study based on deep learning, there appears to be 

a more balancing relationship between classification performance measures. In this study, accuracy rate and NREM1 

sensitivity value were presented as 90% and 68%, respectively [20]. 

 

In this study, the classification of NREM1 stage is aimed with high accuracy, suggesting the importance of this stage in 

the classification and analysis of sleep stages. On the other hand, determining which EEG channels are effective in the 

classification stage of NREM1 stage according to the guidelines of the American Academy of Sleep Medicine (AASM) 

is another goal of proposed study. In short, we propose a classifier system based on machine learning between S1 and 

other stages on the ISRUC3 dataset. 

 

2. METHODOLOGY AND DATA ANALYSIS 

 

A total of 10 healthy subjects participated in this open access data set belonging to the Institute of Systems and Robotics, 

University of Coimbra (ISRUC) database. The age range in this test group, which consists of 1 woman and 9 men, is 

between 30 and 58 years. EEG signals were recorded from six monopolar channels as F3, F4, C3, C4, O1 and O2 with a 

sampling frequency of 200 Hz. In our testing protocol, 10 volunteers slept in the laboratory under polysomnographic 

(PSG) recording for approximately eight hours per AASM recommendations [21]. 

 

The data set was examined by two experts for classification purposes. Half of the NREM1 stages identified by the experts 

were used for training and the other half for testing. Dataset description was shown in Table 1.  

 

TABLE 1. DATA DISCRIPTION 

 NREM1 NREM2 NREM3 REM Wake Total 

Expert1 1217 2616 2016 1066 1674 8589 

Expert2 1098 2780 1957 1194 1560 8589 

 

  

In terms of signal processing, the preprocessing step [20] is of great importance since the classification performance is 

directly affected by the amplitude of the EEG signals . In addition, it is also important for the correct comparison of EEG 

signals obtained from different individuals or from different channels. In this study, Eq. (1)  was used as the normalization 

technique for each epoch. 

 

𝑋𝑁 =  
𝑥−𝑥ҧ

𝜎
       (1) 

 

In this equation presented x, , σ and XN refer to the original epoch, the mean, standard deviation (SD) of the original 

epoch and the normalized epoch, respectively. 

 

In addition to Fast Fourier Transform (FFT) and discrete wavelet transform (DWT), the autoregressive (AR) model is 

widely used as a feature extraction method in the analysis of EEG signals [22]. The AR model, which is known as a 

popular method in system identification and signal processing [23], was used as the feature extraction method of our 

proposed study. In this paper, autoregressive coefficients are calculated by Burg method. AR model order is calculated 

by the Akaike information criterion (AIC) [24]. 
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In the proposed study, performance comparisons were made using three different classification algorithms. NREM1 stage 

classification was analyzed using support vector machine (SVM), linear discriminant analysis (LDA) and k-nearest 

neighbor (k-NN) classification algorithms. The SVM algorithm, based on statistical theories, performs well in feature 

vector inputs by minimizing the error and maximizing the distance between classes [25], [26]. The k-NN algorithm, which 

is a supervised learning algorithm, is a simple and powerful method used extensively in regression problems solving and 

classification applications [27]. LDA provides the maximum guarantee separability condition by maximizing the within-

class variance ratio of the variance between classes [28]. The cross validation method [29] was taken into account in order 

to perform the skill assessment of the classification algorithms used. In this technique, the dataset is randomly divided 

into two sets, the training and the test set. This cross-validation process was repeated 10 times. 

 

 

3. RESULTS AND DISCUSSION 

 

 

In this study, a new system has been proposed on the SURUC dataset to distinguish NREM1 stage from other stages. The 

data set was examined by two experts for classification purposes. Half of the NREM1 stages identified by the experts 

were used for training and the other half for testing. A random sample equal to the number of NREM1 stages was selected 

equally from the other 4 stages. This process was repeated 10 times and results were obtained with three different 

classification methods common in machine learning. The results of classification algorithms for expert 1 and expert 2 

were shown in Tables 2 and 3 respectively. 

 

With an overview of the tables, RBF SVM has the highest accuracy. In Expert 1, on the other hand, LDA method seems 

to be more successful than k-NN and RBF SVM. F3_A2 and C3_A2 channels were determined as successful channels 

for expert 1 and 2, respectively, among 6 channels. Accuracy, sensitivity, and specificity were used for a detailed 

performance evaluation of the SVM, LDA, and k-NN classification techniques. 

 
TABLE.2. CLASSIFICATION RESULTS OF EXPERT 1.                             

Expert 2  k-NN LDA RBF 

C3-A2 

Accuracy 0.67 0.75 0.76 

Sensitivity 0.69 0.80 0.76 

Specificity 0.65 0.70 0.76 

C4-A1 

Accuracy 0.65 0.73 0.74 

Sensitivity 0.70 0.78 0.72 

Specificity 0.59 0.68 0.75 

F4-A1 

Accuracy 0.65 0.72 0.73 

Sensitivity 0.71 0.78 0.72 

Specificity 0.58 0.66 0.75 

F3-A2 

Accuracy 0.67 0.74 0.75 

Sensitivity 0.70 0.79 0.75 

Specificity 0.64 0.70 0.75 

O1-A2 
Accuracy 0.67 0.73 0.76 
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Sensitivity 0.68 0.81 0.76 

Specificity 0.66 0.66 0.75 

O2-A1 

Accuracy 0.66 0.72 0.74 

Sensitivity 0.68 0.82 0.75 

Specificity 0.64 0.62 0.74 

 

 
TABLE.3. CLASSIFICATION RESULTS OF EXPERT 2. 

Expert 1  k-NN LDA RBF 

C3-A2 

Accuracy 0.68 0.75 0.75 

Sensitivity 0.76 0.82 0.74 

Specificity 0.60 0.67 0.76 

C4-A1 

Accuracy 0.68 0.74 0.73 

Sensitivity 0.77 0.80 0.69 

Specificity 0.59 0.68 0.76 

F4-A1 

Accuracy 0.69 0.74 0.73 

Sensitivity 0.79 0.80 0.69 

Specificity 0.60 0.69 0.76 

F3-A2 

Accuracy 0.69 0.76 0.75 

Sensitivity 0.75 0.81 0.75 

Specificity 0.63 0.71 0.76 

O1-A2 

Accuracy 0.70 0.76 0.76 

Sensitivity 0.76 0.83 0.78 

Specificity 0.63 0.68 0.73 

O2-A1 

Accuracy 0.67 0.74 0.73 

Sensitivity 0.73 0.83 0.73 

Specificity 0.62 0.65 0.72 
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4. CONCLUSION 

 

In our study, an efficient classification model has been proposed for NREM1 sleep stage classification by considering 

AASM rules using EEG signals. After the EEG signals were obtained from 6 channels, preprocessing was applied to 

increase the quality of the recording process and preparation was made for the signal processing stage. After preprocessing 

and segmentation process, AR method is used to perform efficient feature extraction. As a result of using three different 

classification algorithms, RBF SVM seems to have the highest accuracy. In Expert 1, it is seen that the LDA method is 

more successful than k-NN and RBF SVM. 

 

In the future, a stronger EEG-based NREM1 diagnostic and classification study can be conducted by a larger dataset. 

Future studies can also increase the number of subjects and the classification accuracy using different feature extraction 

and classification methods. Moreover, the train and classification stages can be improved by using deep learning 

algorithms. 
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SUMMARY 

 

The development of science and technology fields such as engineering, finance, and informatics requires 

advanced mathematical knowledge and computational ability. For this reason, it is important to establish solid 

mathematical knowledge throughout the education period. Packaged software such as Matlab, Maple, 

Mathematica is widely used both in mathematics teaching and for complex mathematical calculations required 

by scientific and technological studies. Apart from these, similar calculations can be made by using various 

libraries in general-purpose programming languages or by writing the program for the relevant calculation 

method. Although packaged software provides ease of use for people who do not have any programming 

background with various interfaces, they do not provide as much flexibility and freedom as a programming 

language. In addition, most of them require a paid license. On the other hand, learning and understanding 

general-purpose programming languages require a process and effort. In this case, a simple and easy-to-learn 

programming language can be an alternative for mathematics education and its applications. In this study, the 

design and implementation of a programming language that supports matrix data structures and the 

programming of matrix operations is presented. In addition, an interpreter that can evaluate the source codes 

for the designed language has been developed. First, using an automatic code generation tool called JavaCC, 

a parser is constructed for the programming language whose syntax is represented by an LL(k) grammar 

defined in the BNF (Backus Naur Form) notation. Then the parser is employed to produce an Abstract Syntax 

Tree (AST) from the source code of the program. The interpretation process consists of parsing, semantic 

analysis, and code evaluation stages, all of which operate on the produced tree. Some program examples are 

given in the developed language for sample matrix operations and the developed language is compared with 

popular programming languages. 

 

Keywords: Matrix data structure, matrix operations, programming languages, formal grammars, parsers, 

interpreters 

INTRODUCTION 

 

Advanced mathematical knowledge and computational ability are requirements of the science and technology areas. There 

are packaged software and programming languages that are using for both education and calculation. For teaching and 

making calculations for scientific and technological studies packaged softwares like Matlab[1], Maple[2] and 

Mathematica[3] has widely used. On the other hand, there are various libararies in general-purpose languages for these 

purpose. Both alternative has some disadvantages for user; 

Packaged software; 

• Provides ease of use for people who do not have any programming background with various interfaces 

• They do not provide as much flexibility and freedom as a programming language. 

• Most of them require a paid license. 

Programming languages: 

• Learning and understanding general-purpose programming languages require a process and effort. 

Programming languages can be divided into two groups in terms of usage areas as general and domain specific languages. 

General purpose languages have been developed to meet very different needs. Java[4], C[5] , C#[6] and Haskell[7] are 
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well know general purpose languages. On the other hand, special-purpose languages are developed for solving a certain 

problem.  

There are many programming languages developed for different purposes in the literature. For example a domain-specific 

language was developed by Kokash et al. for use in drug production, modeling and simulation processes[8].  Lopes et al. 

developed a safe-by-design programming language for wireless sensor networks[9]. Pehlivan developed Mathematical 

Programming Language for numerical analysis problems[10]. 

The motivation beyond this study is to desing a simple and easy-to-learn programming language can be an alternative for 

mathematics education and its applications. 

In this paper, we present the design and implementation of a programming language that supports matrix data structures, 

and the programming of matrix operations is presented. In addition, an interpreter that can evaluate the source codes has 

been developed. 

 

MATERIALS AND METHOD 

 

In this section, the development of a programming language that supports matrix data type and matrix operations is given. 

The study consists of two parts as parsing and interpretation. 

A lexer and a parser program generated with using an automatic code generation tool called JavaCC.Then the parser is 

employed to produce an Abstract Syntax Tree (AST) from the source code of the program. The Interpreter components 

implemented based on the Visitor design pattern. Figure 1 demonstrates the overall procces. 

 

 

Figure 1 Process of study 

 

SYNTAX 

Syntax is a notational representation of the structure of a language. The syntax of the language supports Matrix data type 

refers to 2-dimensional arrays. In the developed language, Arrays are defined in square brackets in a format where the 

elements are separated from each other by commas. Moreover, a Matrix is defined as arrays with commas in square 

brackets. Array and Matrix syntax is as follows. 

 

Array = '[' ( Num (',' Num)* ) ']' 

Matrix = '[' ( Array (',' Array)* ) ']' 

 

PARSING 

Parsing is the process of analyzing the expression structure of the source data. Parsing process requires a formal grammar 

for the syntax of a programming language design. Automated code generation tools are often used in parser generation. 

This section covers how to generate parser with formal grammar designed using JavaCC tool.  

 

LEXER 

Lexical analysis is the process of breaking down the source text and converting it into a sequence of words of the language, 

and regular expressions are used to define the lexical structure of the language. 

The list of words produced in the lexical analysis stage in the study presented in Table 2 is given. JavaCC performs unit 

word generation only for the content of the TOKEN block, bypassing the matches with the definitions in the SKIP block 

in Table 1. 
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Table 1 Token list of the language 

TOKEN: { 

  <PLUS: "+"> | <MINUS: "-"> | <TIMES: "*"> 

| <DIVIDE: "/">  | <POWER: "^"> | <MOD: "%"> 

| <ABS: "abs"> | <SQRT: "sqrt" > 

| <IF: "if"> | <THEN: "then"> | <ELSE: "else">  

| <PRINT: "print"> | <CPRINT: "cprint"> 

| <AND: "&&"> | <OR: "||"> | <NOT: "!"> 

| <EQ: "=="> | <NE: "!="> | <LE: "<"> 

| <LT: "<="> | <GT: ">="> | <GE: ">"> 

| <QM: "?"> | <COMMA: ",">| <SEMI: ";"> 

| <COLON: ":">  

| <AEQ: "="> | <GUARD: "|"> 

| <LCURLY: "{"> | <RCURLY: "}"> 

| <LPAREN: "("> | <RPAREN: ")"> 

| <LBRACKETS: "["> | <RBRACKETS: "]"> 

| <FALSE: "false"> | <TRUE: "true"> 

| <OTHER: "otherwise"> 

| <ID: (["a"-"z","A"-"Z"])(["a"-"z","A"-"Z","0"-

"9"])*> 

| <NUM: (["0"-"9"])+> | <DNUM: (["0"-

"9"])+"."(["0"-"9"])+> 

| <STR: ("\"" (~["\""] | "\\" "\"")* "\"")> 

} 

 

 

When the lexical analysis process is performed for a source data, it produces the unit word sequence of this data as output. 

The lexical analysis process produces the following unit word string for the A=[1,2,3] sample expression. 

 

ID AEQ LBRACKETS NUM COMMA NUM COMMA NUM RBRACKETS 

 

PARSER 

There are two different algorithms for parsing, LL(k) from top to bottom and LR(k) from bottom to top. The expression 

k expressed in these algorithms indicates the number of words to be looked for for rule selection. Since JavaCC works 

with the LL(1) algorithm, this algorithm was also used in the study. Table 2 gives the definitions for an LL(1) parser to 

be fully compatible with the JavaCC in the study. 

 

Table 2 Parser methods 

start() : { program() <EOF> } 

program() :{ function() ( program() )? } 

function() : { header() ( block() )? (<AEQ> expr() | 

eqlist() ) } 

header() : { <ID> <LPAREN> ( parlist )? 

<RPAREN> } 

block() : { <LCURLY> ( stmlist() )? <RCURLY> } 

parlist() : { param() (<COMMA> parlist() )? } 

param() : { <ID> (<PLUS> <NUM> )? | <NUM> } 

eqlist() : { <GUARD> bexpr() <AEQ> expr() ( 

eqlist() )? } 

bexpr() : { and() ( <OR> and() )* } 

and() : { not() ( <AND> not() )* } 

not() :  { <NOT> <LPAREN> bexpr <RPAREN> } | 

<OTHER> | belem() 

belem() : { … } 

stmlist() : { stm()<COMMA> (stmlist() )? } 

stm() : { <ID> <AEQ> expr() | <PRINT> <LPAREN> 

explist() <RPAREN> } 

explist() : { expr() (<COMMA> explist() )? } 

expr() : { ( <PLUS> | <MINUS> )? term() ( ( <PLUS> 

| <MINUS> ) term() )* } 

term() : { poser() ( (<TIMES> | <DIVIDE> | <MOD> 

) power() ) * } 

power() : { elem() ( <POWER> power() )? } 

Zlist() : { "[" <NUM> ( "," <NUM> )* "]" } 

Matrix() : { "[" Zlist() (","  Zlist() "]" } 

Elem() :{ 

  t=<NUM> 

  | t=<DNUM>  

  | t=<STR>  

  | Matrix() 

  | <DROPROW> <LPAREN>  <ID> "," Param() 

<RPAREN> 

  | <DROPCOL> <LPAREN>  <ID> "," Param() 

<RPAREN> 

  ... 

} 
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SYNTAX CLASSES 

In the parsing process, syntax classes are created to represent the source data with objects. Typically, a syntax class is 

defined for each grammar rule that contains an operator or keyword. It is common practice to generate similar or 

alternative syntax classes by inheriting from the same abstract superclass. This simplifies the tree-based representation 

and processing of the source data. Table 3 shows definitions of some sample syntax classes. 

 

Table 3 Syntax classes 

public class Exp { 

  public Exp copy() { return new Exp(); } 

  public Object accept(Visitor v) { return null; } 

  public String toString() { return "new Exp()"; } 

} 

 

public class Num extends Exp { 

  public int n; 

  public Num(int x) { 

    n = x; 

  } 

  public Times copy() { return new Num(n);} 

  public Object accept(Visitor v) { 

    return v.visit(this); 

  } 

  public String toString() { 

    return "new Num(" + n + ")"; 

  } 

… 

} 

public class Matrix extends Exp { 

    public ArrayList<ZList> e = new ArrayList<ZList>(); 

    public Matrix eq; 

    public Matrix(){super();} 

    public Matrix(int m,int n){ 

        ZList array = new ZList(); 

        for (int i =0;i<n;i++) array.add(0); 

        for (int i =0;i<m;i++) e.add(array); 

    } 

… 

    public Object accept(Visitor v) { 

        return v.visit(this); 

    } 

    public Matrix copy() { 

        Matrix matrix = new Matrix(); 

        for (int i=0;i<e.size();i++) { 

            matrix.e.add((ZList) e.get(i).clone()); 

        } 

        return matrix; 

    } 

    public int getM() {  return e.size(); } 

    public int getN() { return e.get(0).size(); } 

} 

 

Figure 2 shows syntax class architecture. For all data types and operators has their own class which is extended from The 

Exp class. 

 

 

 

ABSTRACT SYNTAX TREE 

As a result of the syntax analysis, a syntax tree structure is created according to grammatical rules from the word list 

created from the fragmented text. This tree structure is created by linking syntax objects together in a hierarchical order. 

The codes for the creation of syntax objects and the construction of the abstract syntax tree are given in Table 4. 
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Table 4 Some of parser methods for abstract syntax tree generation 

ZList Zlist(ZList zl) : 

{ Token t,t1; } 

{ "[" t=<NUM> ( "," t1=<NUM> {zl.add(Integer.parseInt(t1.image));})* "]" } 

{zl.add(Integer.parseInt(t.image)); return zl;} 

 

Matrix matrix(Matrix m) : 

{ZList zl =new ZList(); ZList z2 =new ZList();} 

{ "[" (zl=Zlist(){m.add(z1);}) (","  z2=Zlist(){z.add(z2);})* "]" } {return m;} 

 

Exp Elem() : 

{ Token t; Exp e; Matrix m= new Matrix();} 

t=<NUM> { return new Num(Integer.parseInt(t.image)); } 

| t=<DNUM> { return new DNum(Double.parseDouble(t.image)); } 

| t=<STR> { return new Str(t.image.substring(1,t.image.length()-1)); } 

| m=Matrix(m) {return m;} 

| <DROPROW> <LPAREN>  t=<ID> "," e=Param() <RPAREN> { return new DRow(new Var(t.image),e); } 

| <DROPCOL> <LPAREN>  t=<ID> "," e=Param() <RPAREN> { return new DCol(new Var(t.image),e); } 

... 

} 

 

 

EVALUATION 

This section consists of semantic evaluation and interpretation processes. Both processes work on the syntax tree created 

as a result of the parsing process. Visitor design pattern, one of the behavioral design patterns, was used in the 

interpretation of the AST tree[11]. 

 

VISITOR 

The visitor design pattern separates the object with the algorithm and allows a new operation to be defined for that object 

without requiring a change in the class structure. Implementation of this design requires a visitor interface, a visitor class 

implemented from this interface, and adding accept methods to the syntax classes. 

In Table 4 IVisitor interface code and PrintVisitor class which has methods for each syntax classes given as an example. 

 

Table 5 Visitor interface 

public interface IVisitor  { 

  public Object visit(Times e); 

  public Object visit(Divide e); 

  public Object visit(Mod e); 

  public Object visit(Power e); 

  public Object visit(Var e); 

  public Object visit(Num e); 

  public Object visit(DNum e); 

  public Object visit(Str e); 

  public Object visit(Sqrt e); 

  public Object visit(Matrix e);… 

} 

public class PrintVisitor implements IVisitor { 

public Object visit(Times e) { 

   return "(" + e.a.accept(this) + "*" + e.b.accept(this) + ")"; 

} 

public Object visit(Divide e) { 

   return "(" + e.a.accept(this) + "/" + e.b.accept(this) + ")"; 

}  

public Object visit(Matrix e) { 

  return e.toString(); 

} 

… 

} 
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Different classes can be implemented from the Visitor interface for different purpose. For example, TypeVisitor class is 

responsible with type checking(semantic analysis) and PrintVisitor is used for print out Abstract Syntax Tree for 

debugging or error printing. Figure 3 shows the visitor class architecture. 

 

 

 

SEMANTIC 

Semantic analysis includes type and validity checks for variables in parsed source data, and identification and parameter 

compatibility checks for functions. For these controls, first of all, it is necessary to create a symbol table that will contain 

the names of the defined functions, the number of parameters, the parameter types, and the names, types and values of 

local and global variables. This table is referenced in the controls in the semantic analysis process. Table 6 shows 

SymTable class that defined to keeps contents of variables, and functions declared in source code. 

 

Table 6 Symbol table 

class SymTable { 

 FuncDef[] func = new FuncDef[100];   /* Maximum 100 functions can be defined */ 

} 

class FuncDef{ 

 string id; 

 Symbol[] prm = new Symbol[10];   /* Maximum 10 parameters can be defined */ 

 Symbol[] local = new Symbol[10];   /* Maximum 10 local variables can be defined */ 

 int return; 

} 

class Symbol{ 

 string id; 

 int type; 

 public static final int BOOL = 0; 

 public static final int INT = 1; 

 public static final int DUOBLE = 2; 

 public static final int STRING = 3; 

} 

 

 

Maximum number of functions,variables and parameters can be defined is given in Symtable class. Also there are some 

important rules that must be checked for symbols: 

• The variable/function is defined before or not? 

• If the variable is already defined, is the new assignment suitable for the first type? 

• Is the function called with the appropriate number and type of parameters? 

• Index values exceed the matrix size or not? 
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PROGRAM EXAMPLES 

In this section, some examples are given to demonstrate the syntax of the language. In addition, it was compared with the 

C programming language with the example of the determinant. 

 

Example 1: Table 7 shows how to initialize matrix in the language. 

 

Table 7 Matrix initialization 

A = [[1, 2, 3, 4], 

 [5, 6, 7, 8], 

 [9, 10, 11, 12], 

 [13, 14, 15, 16]]; 

 

 

 

 

Example 2: In Table 8 there are examples of accessing elements of matrix. 

 

Table 8 Accessing elements of matrix 

 Output 

To access a single element of A: 

A[1, 1] 

6 

To access the entire first row of A: 

A[1, :] 

5, 6, 7, 8 

To access the entire first column of A: 

A[:, 1] 

2, 6, 10, 14 

 

 

 

Example 3: In Table 9 there are examples of how to define some matrix operations in the language. 

 

Table 9 Matrix operation examples 

A = [1, 2, 3, 4]  

B = [5, 6, 7, 8] 

C = 3 

A+B ans= 6, 8, 10, 12 

A+C ans= 4, 5, 6, 7 

A-B  ans= -4, -4, -4, -4 

B-C ans= 2, 3, 4, 5 

A = [1, 2, 3, 4]  

B = [[5], [6], [7], [8]] 

C = 3 

A*2  ans= 2, 4, 6, 8 

A*C ans= 3, 6, 9, 12 

A*B  ans = 70 
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In the language Matrix operations are provided without requiring any additional definition/coding. For addition and 

subtraction operations, if the operands are matrices they must have the same dimensions. Otherwise at least one operand 

must be a scalar. Also the language supports both scalar and Matrix multiplication. 

 

Example 4: Calculation the determinant of a Matrix is given in Table 10 comparison with C programing language version. 

 

Table 10 The determinant 

det2(m) { } = m[0,0] * m[1,1]  - m[1,0] * m[0,1] 

  

det3(q, n) { s = droprow(q, 0); n = n-1; } 

        | n == 0  = q[0,0] 

        | n == 1  = det2(q) 

        | n >= 2  =  q[0,0] * det3(dropcol(s, 0) ,n) -  

 q[0,1] * det3(dropcol(s, 1) ,n) + 

 q[0,2] * det3(dropcol(s, 2) ,n) 

 

main() { a = [[1,2,3],[4,5,6],[7,8,10]]; print(a); 

print("Determinant of matrix:"); print(det3(a, 3)); } = 

0 

#include<stdio.h> 

int main(){ 

int i, j;  

int a[3][3] = {{1, 2, 3}, {4, 5, 6}, {7, 8, 9}}; 

long determinant; 

 

for(i = 0;i < 3; i++){ 

   printf("\n"); 

   for(j = 0;j < 3; j++) 

      printf("%d\t", a[i][j]); 

} 

determinant = a[0][0] * ((a[1][1]*a[2][2]) - 

(a[2][1]*a[1][2])) -a[0][1] * (a[1][0]* a[2][2] - a[2][0] 

* a[1][2]) + a[0][2] * (a[1][0] * a[2][1] - a[2][0] * 

a[1][1]); 

printf("\nDeterminant of matrix: %ld", determinant); 

return 0; 

} 

 

 

The helper functions droprow and dropcolum used for getting sub matrices which is also named as minors. They are 

embeded in language for matrix operations like dropping a row or column from matrix. These are just helper functions 

for determinant calculation. 

 

CONCLUSION 

 

In this study, a language for matrix operations is presented and some program examples are given for sample matrix 

operations. Also, the language is compared with C programming language with an example. The language we developed 

supports many different data types, operations, and functions but presentation is only about Matrix Type and operations. 

Table 11 shows the comparison of the language developed in the study with some popular programming languages in 

terms of some features. 
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Table 11 Language comparison 

 The Study C C++ Java Matlab Haskell 

Functional X     X 

Imperative  X X X X  

Object Oriented   X X   

Readability X X X X X X 

Writability X X X X X X 

 

The developed language; i) has a simple syntax design, ii) easy to learn and has similar syntax with mathematics, iii) easy 

to program an algorithm, iv) easy to read algorithm from code. 

As a result, it can be said that the developed language is suitable for Mathematic Education and Calculation. 
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SUMMARY 

Today, fulfilling the increasing internet demands with a single server is a very laborious task. To overcome 

this problem, more than one server must be used depending on the density of client requests. Load balancing 

in Software Defined Networks is defined as the distribution of the load between different servers depending 

on the load balancing strategy determined. While applying the load balancing strategy, it is aimed to respond 

to the incoming requests as soon as possible by the selected server. Routing with forecasting is very difficult 

as the traffic flow is constantly changing. Therefore, when the flow comes, the choice decision must be made 

immediately. While making the decision, statistical information is collected periodically from the switch ports 

to which the servers are connected and the server is selected according to the determined decision function. 

The most important step that determines the success of the load strategy is to determine the parameters used 

in the decision function and to what extent these parameters contribute to the function. The decision function 

used for server selection in this publication is originally designed. The server is dynamically selected according 

to the decision function designed to adapt to the chancing traffic flow. POX, which supports Python 

programming language, is preferred as a controller. Mininet Emulator is used to create the network topology. 

The proposed new approach for server selection is compared with traditional server selection methods. And 

the results prove that the designed decision function reduces the response time and increases the throughput. 

 

Keywords: Load balancing, SDN, server selection, POX. 

 

1. INTRODUCTION 

As internet usage increases, the response time to web requests also increases. It is difficult to keep up with this 

development with traditional network architectures. Since traditional architectures have complex network structures, they 

also bring management difficulties. To overcome such network problems, the concept of Software Defined Networks 

(SDN) first emerged in the 1990s. However, worldwide interest in the concept of OpenFlow in 2006 has increased both 

in the academic world and in the industrial community (Chen et al, 2015). SDN separates the control plane and the data 

plane. The most important feature is that it allows programming within the network. Since it has a global view of the 

network, it can react quickly to changing situations. 

There are three different planes in software-defined networks. These; data plane, control plane, and application plane. 

The data plane consists of network elements such as switches and hosts. The control plane consists of one or more 

controllers. In the application layer, there are applications to be made. Load balancing, virtualization, traffic engineering, 

FOG computing can be given as examples of applications that can be made in SDN. In this paper, load balancing, which 

is one of the most important sdn application areas, has been studied. In SDN, the number of load balancing controllers is 

classified according to the plane to which it is applied or the way it is implemented. The classification scheme is given in 

Figure 1 (Li et al, 2017). 
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Figure 1. Classification of Load Balancing in the SDN [2] 

 

In this paper, a centralized structure (single controller) is used. It is desired to distribute the load equally among the servers 

in the data plane. Responding to increasing web requests on the Internet with a single server is very difficult and reduces 

efficiency. For this reason, many servers doing the same job today are provided to respond to incoming requests. The 

balanced distribution of the load on these servers is an important issue. To explain with the example topology given in 

Figure 2; It is the determination of the server that will respond in the fastest way to requests from more than one client at 

the same time or at different times. Server load balancing is based on the logic of choosing the least busy one among the 

multiple servers as shown in the figure. To overcome this problem, a new approach is proposed in this study. The main 

purpose of this approach is to respond to incoming web requests in a minimum time. For this purpose, efficient use of 

servers is also essential. 

 

Figure 2. Example Topology 

Each server has the same content and is part of the server cluster. When a request is received on the load balancer's virtual 

IP address, it accepts the connection and replaces the destination IP with the IP address of one of the servers. The server 

receiving the request from the load balancer sends a response with the destination IP address as the IP address of the load 

balancer. Next, the load balancer intercepts the packet returning from the server and changes the source IP address to 

match the virtual IP address and sends it to the host. The main problem is that the load balancer decides which server to 

use and it depends on the load balancing algorithm (Gajjar et al, 2016). 
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There are different studies in this field in the literature. Studies have tried to calculate the short response time of the server 

according to different logics. There are case studies based on the logic of selecting the underloaded server by considering 

the load of the server. Some of those; According to the paper, three load balancing techniques: random, sequential, and 

load-based. According to the load-based load balancing technique, the current load is calculated for each server and the 

server with the minimum load is selected. The results reveal that the cyclic load balancing technique is better (Kaur et al, 

2015). A dynamic load balancing method is proposed in another literature study. Server load is determined by CPU usage, 

memory usage, and the number of available connections. These parameters are multiplied by certain weight coefficients 

to calculate the load of each server. The server chosen for the response is the server with the minimum weight (Prakash 

et al, 2017). In the other paper, the traffic-based load balancing strategy is applied. Every two seconds the controller 

requests flow statistics information from the switches. The total number of packages is determined for each server and 

the server with the least number of packages is selected (Kaur et al, 2017). 

Among the studies in the literature, there are also case studies that make server selection according to the flow statistics 

obtained from the switch to which the servers are connected. To give an example; A study based on flow statistics was 

done by Kaur et al. (2016). The server with the lowest flow connection is selected according to the load balancing 

technique. Every 5 seconds, a request message is sent to the OpenFlow switch to learn flow statistics, and the server with 

the lowest active connection is selected according to the response. The results prove that the load balancing technique 

determined by flow statistics is better. Hamed et al. (2017) proposed a bandwidth-based load balancing technique. 

According to the method, the server that consumes the lowest bandwidth is selected for a response every 14 seconds. In 

connection-based load balancing technique, the server that will respond according to the minimum number of active 

connections is selected. 

There are studies that can make the server selection decision with parameters such as server capacity and server response 

time. According to Sabiya et al. (2016) used the weighted round robin technique. Unlike the round robin technique, the 

capacity of each server is taken into account and requests are sent in proportion to their capacity. Soleimanzadeh et al. 

(2019) proposed an approach to deal with increased demands on websites. The approach allocates web requests to each 

server based on response time and traffic volume of the corresponding switch port. The centralized SDN controller 

periodically collects this information to maintain an up-to-date view of the load distribution between servers, and 

incoming user requests are routed to the most appropriate server. 

Kumari et al. (2017) aimed to lead the next studies by mentioning some load balancing techniques in the literature. 

Limitations of the most commonly used cyclic trial technique for comparison; It is not tested in real time, is not tested 

with multiple controllers, and does not take into account the load of servers. The publication also talked about the server 

selection methods of different methods. For example; A hash value is determined between the source and the target. All 

requests with the same hash value come to the same server. It is noteworthy that different hashes cannot be generated 

between the source and the target as the limit of the algorithm. Another method proposed a delay-based load balancing 

algorithm. The method is based on the minimum latency server selection logic. The limit has been tested with a single 

controller. 

In this study, an original method is designed for load balancing, different from the methods in the literature. The proposed 

method is based on scoring logic with original decision functions. In the server selection, the server that gets the maximum 

score represents the server with the least load, and the incoming request is forwarded to this server. Thus, the score is 

calculated for each server dynamically in certain periods and the server with the least load is selected. As a result, it is 

ensured that incoming requests are responded with maximum efficiency and minimum time. This approach is applied for 

the first time in this field. 
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2. MATERIALS AND METHOD 

The rapid increase in people and devices using the Internet and network causes traditional network solutions to be 

insufficient. Traditional network solutions are being replaced by SDN as they are not flexible and require a lot of 

hardware. Many large hardware companies have started work on SDN and are trying to spread this architecture. A large 

number of servers and network devices are used to meet the processing load. The fact that the requests made by the users 

can be evenly distributed on the servers will ensure that the service provided to the user is fast and satisfactory. Load 

balancing methods are used in order to distribute the load equally among the servers. The load balancing strategy to be 

applied should be designed in such a way as to ensure a balanced distribution of the load and maximize user satisfaction. 

In this publication, an innovative approach is developed in line with the objectives of load balancing strategies. This 

approach is based on scoring each server. The server's score determines whether it will take the load on itself or not. 

While traditional methods are routing according to a certain criterion, the proposed approach uses three different criteria 

that are important for the network. For this reason, it is expected that the rate of forwarding the load to the right server 

will be higher compared to traditional methods. 

In the proposed load balancing strategy, server selection is made according to the decision function that is originally 

designed. It is decided according to the flow statistics obtained from the ports of the switch to which the servers are 

connected. Flow statistics are collected from ports every 10 seconds. Three different flow information is collected from 

the switch; 

- amount of bytes 

- number of packets 

- number of drops 

The load is high on the servers where the amount of bytes and the number of packets are intense. At the same time, if the 

number of dropped packets is high, this is usually due to the load density. Therefore, these three parameters are expected 

to be at the minimum value for the selected server. In the proposed method, an effective scoring logic is created by using 

these parameters, which are important in the balanced distribution of the load. The original decision function created with 

these three parameters is expressed by Equation 1 and scoring is done with the help of these functions. 

 

𝐷ⅇ𝑐𝑖𝑠𝑖𝑜𝑛𝐹𝑢𝑛𝑐𝑡𝑖𝑜𝑛 = ቐ

𝑚𝑖𝑛(𝑟𝑥_𝑝𝑎𝑐𝑘ⅇ𝑡𝑠 + 𝑡𝑥_𝑝𝑎𝑐𝑘ⅇ𝑡𝑠) 𝑖𝑓(𝑟ⅇ𝑠𝑢𝑙𝑡 = 𝑠ⅇ𝑟𝑣ⅇ𝑟_𝑥)𝑡ℎⅇ𝑛𝑠𝑐𝑜𝑟ⅇ(𝑠ⅇ𝑟𝑣ⅇ𝑟_𝑥 + 1)

𝑚𝑖𝑛 (𝑟𝑥_𝑏𝑦𝑡ⅇ𝑠 + 𝑡𝑥_𝑏𝑦𝑡ⅇ𝑠)𝑖𝑓(𝑟ⅇ𝑠𝑢𝑙𝑡 = 𝑠ⅇ𝑟𝑣ⅇ𝑟_𝑦)𝑡ℎⅇ𝑛𝑠𝑐𝑜𝑟ⅇ(𝑠ⅇ𝑟𝑣ⅇ𝑟_𝑦 + 1)

𝑚𝑖𝑛 (𝑟𝑥_ⅆ𝑟𝑜𝑝𝑠 + 𝑡𝑥_ⅆ𝑟𝑜𝑝𝑠)𝑖𝑓(𝑟ⅇ𝑠𝑢𝑙𝑡 = 𝑠ⅇ𝑟𝑣ⅇ𝑟_𝑧)𝑡ℎⅇ𝑛𝑠𝑐𝑜𝑟ⅇ(𝑠ⅇ𝑟𝑣ⅇ𝑟_𝑧 + 1)
 

 

Scoring logic has not been used before in this field. Therefore, it is expected to be important for future studies. In the 

scoring logic, the score of the minimum valued server is increased by 1 for each parameter. And as a result, the server 

with the maximum score is selected. The maximum score for a server can be 3. The aim is always to respond the incoming 

request in the minimum time. While doing this, it is essential that the load is evenly distributed among the servers. 

HTTP requests are used to test the decision function and scoring logic. Apache HTTP server benchmarking tool is used 

while creating the request. Simultaneous requests from 4 clients are tested with varying server numbers. Simulation results 

are taken in four different test environments. These; 

1. test enviroment: 100 HTTP requests created by 4 clients at the same time are met by 2 servers, 

2. test enviroment: 1000's of HTTP requests created by 4 clients at the same time are met by 2 servers, 

3. test enviroment: 100 HTTP requests created by 4 clients at the same time are met by 4 servers and 

4. test enviroment: 1000's of HTTP requests created by 4 clients at the same time are met by 4 servers. 
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The proposed method is compared with the traditional load balancing methods, Round Robin and Random. Three different 

comparison metrics are used for comparison. These metrics are transfer rate, request per second, and test time.  Transfer 

rate can be viewed as the rate at which data travels from one point to another. In general, the larger the bandwidth, the 

higher the data transfer rate. Therefore, the higher the transfer rate, the more successful the method. Request per second 

gives the amount of requests that servers can handle per second. This metric indirectly corresponds to the throughput. 

The larger the request per second, the better the proposed method balances the load on the servers. Lastly, Test time gives 

the response time of requests in selected network scenarios. The better the load balancing strategy, the lower the test time. 

The simulation results for the four different test environments are shown in Figure 3, Figure 4, Figure 5 and Figure 6, 

respectively. 

POX, which supports Python programming language, is preferred as a controller. This makes the development of new 

network applications faster and can be prototyped (Noman et al., 2020). Mininet Emulator is used to create the network 

topology. It allows us to test the topology we want to test without the need for a physical connection. The most important 

feature among the reasons for use is that it provides a simple and inexpensive network test environment (“Mininet 

Overview”, 2021). 

 

       

            Fig. 3. 4 client 2 server 100 request                                Fig. 4. 4 client 2 server 1000 request 

          

       Fig. 5. 4 client 4 server 100 request                             Fig. 6. 4 client 4 server 1000 request 

Figures show simulation results for different scenarios. In these figures, the proposed method is represented in blue, the 

random method in orange, and the round robin in gray. As can be seen from the figures, the designed method produces 

successful results for all 3 metrics in 4 different scenarios than traditional load balancing methods. For the metrics used, 

the shorter the test time, the more successful the method. The higher the transfer rate and request per second, the more 

successful the method is. Another conclusion that can be drawn from the simulation results is that the method produces 

successful results regardless of the number of requests and the size of the network. This shows that the proposed method 

is scalable. 
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3. CONCLUSION  

 

In the study, load balancing strategy is proposed for server selection. The feature that makes the study different from its 

counterparts is the original decision function and designed scoring logic. The decision function is designed to respond to 

web requests as soon as possible. This function is tested in four different simulation environments. Thus, the results of 

the proposed method for different network environments are observed. The proposed method is compared with traditional 

methods and tangible results are obtained. It is proved by simulation results that the proposed load balancing strategy 

increases the transfer rate and number of requests per second and reduces the test time. Looking at the comparison results, 

it is seen that the proposed method is superior to other methods in achieving the main objectives of load balancing 

methods. 
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Abstract: 

Such as many diseases, one of the first symptoms of Covid-19 is cough. Details such as the number of coughs, 

their severity, dryness, or wetness carry important information for medical professionals to diagnose and treat 

the disease. On the other side, in order to reduce the spread of diseases such as       COVID-19, it is very 

important to have a cough detector in public transportation vehicles such as bus, metro, ferry, and in crowded 

environments such as hospitals, banks, and also in environments that require constant monitoring, such as 

nursing homes. In this way, as a filter, the cough detector can separate the cough sound from other noise sounds 

and send it to the cough diagnosis system to identify the type or severity of the cough. Therefore, in this study, 

we designed a machine learning-based cough detector to distinguish cough sound from other sounds. We used 

the publicly available ESC-50 dataset, which includes a total of 50 types of sounds (including coughing) that 

we commonly hear today. There are 40 samples of each sound and 2000 sample sounds in total in this data set. 

In addition, the Virufy and NaCoCoDa datasets containing the COVID-19 cough sounds were added to this 

dataset. After the features were extracted from the samples with the mel-frequency cepstral coefficients 

(MFCCs) method, they were classified with different machine learning classifiers. The results show that the 

proposed cough detector can successfully distinguish cough sound from other sounds. 

 

Keywords: COVID-19, Machine learning, Cough sound detector, Mel-frequency cepstral coefficients 

(MFCCs) 
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Abstract 

 

Production of iron and steel determines the development level of countries and is widely carried out 

in basic oxygen furnaces. Liquid raw iron is produced by the use of coke, sinter and iron ore in the 

blast furnace facilities of this type of integrated structure. Before the conversion of liquid raw iron to 

steel, the desulfurization process is performed. During the desulfurization process, desulfurizers are 

injected so that the liquid raw iron reaches the target sulfur value. The amount of material to be 

injected should be adjusted according to a model. In the literature, data-based models are suggested 

for the desulfurization process.  

Machine Learning is widely used today due to its impact on big data and its ability to provide solutions 

to complex problems.  It proposes satisfactory solutions in many fields such as video and image 

processing, time-series forecasting, natural language processing, bioinformatics, financial 

technology, etc. It helps to accelerate and optimize processes, especially in the industrial sector.  

In this study, a machine learning model is designed to predict material quantities using data from the 

desulfurization process of an iron and steel facility. The model is coded using Python programming 

language. 80% of the data was used as a training set and 20% used as a test set. The performance of 

the model is evaluated by comparing the estimated data with the real data taken from the facility. 

According to the results, 85%, 95.4% and 80.14% accuracies are obtained for magnesium, lime and 

fluorite, which are desulphurizers used in the facility, respectively. As future work, we design a 

software that takes model inputs as parameters and displays the predicted values, present to be used 

for the facility. 
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Abstract  

Symbolic computations deal with the exact solutions of mathematical problems, while numerical computations 

do the solutions of these problems with a certain amount of error,. Although symbolic solutions of complex 

problems that are difficult and time-consuming to solve have been possible since ancient times, with the 

emergence of computers, they are extended to cover very different calculations through a faster development. 

Nowadays, many problems can be solved by applying symbolic calculations via computers with the increased 

capacity of processing power. Symbolic solutions are usually specific to the types of mathematical 

computations involved in the problems, and thus there are many commercial software applications developed 

for different types of computation. In symbolic computation, each operation can contain many mathematical 

conversion of expressions such as displacement, reduction and simplification. In this study, a programming 

language for programming recurrent functions of polynomial type and a corresponding interpreter for the 

evaluation of source codes in this programming language has been designed and developed using symbolic 

approaches. There are some components such as parser, simplifier and interpreter implemented in the study. 

First the grammatical rules of the related programming language are defined in the BNF (Backus Naur Form) 

notation, which is a set of syntactic rules. Syntax trees are created by applying semantic operations in 

accordance with these rules. The LL(k) parser used for syntax analysis of the designed programming language 

is produced using the JavaCC tool, which automatically generates source code for parsers in the Java 

programming language. Other components operate on the syntax tree. The developed interpreter can be used 

to formulate sums of number sequences, to perform series calculations such as Taylor ones and to analyze the 

complexity of algorithms such as the one in O(n) notation. 

Keywords: Formal grammars, parsing,  recurrence, interpreters, symbolic approaches  

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 



95 

 

EVALUATION OF 5G MACROCELL ACCORDING TO CHANNEL MODELS 

 

Ahmet ÇİL and Salim KAHVECİ 

Karadeniz Technical University, 

Department of Electrical & Electronics Engineering, 

61080, Trabzon-TURKEY 

{ahmetcil, salim}@ktu.edu.tr 

 

1. ABSTRACT 

 

The frequency value used in 5G technology, which 

entered our lives in 2020, has increased up to 100 

GHz. Although these frequency valuesbring many 

advantages, communication signals are subject to 

high attenuation due to the decrease in millimeter-

wavelength above 30 GHz, and this situation reduces 

the power of the signals sent and received from the 

cell structures. Although methods such as increasing 

the number of antennas, gain, and power are used to 

solve this problem, most of these methods cannot 

solve the high signal attenuation experienced by 

millimeter-wave signals, especially when passing 

through dense buildings, foliage, and thick walls. 

Today, there are many cell types (Macro, micro, 

metro, pico, femto) used to improve communication 

quality and solve such problems. All of them are very 

important for mobile communication and each of 

them is the subject of a separate investigation. 

However, in this study, only the path loss values 

created by the Rural Macrocell, which offers the 

widest coverage in cell structures, through channel 

models suitable for 5G frequencies, were examined. 

With this study, it is aimed to examine the behavior 

of this cell structure in the representative scenario 

environment at 5G frequencies, to reveal the 

differences of the channel models, and to indicate the 

problems and possible solutions that will occur at 

these frequencies. 

 

Keywords: 5G, wireless communication, channel 

model 

 

 

 

2. INTODUCTION 

 

Day by day, communication technology is in a constant 

state of development due to increasing user demand and 

developing technologies. The thing that enables us to meet 

these needs is the 0.4-100 GHz range. In this range, 

especially above 30 GHz, the signal goes down to 

millimeter wavelength. Signals at this wavelength are 

attenuated more than other frequencies (<6 GHz) in 4.5G 

when passing through air, water vapor, rain, and other 

objects (wall, tree, glass, etc.) in free space. Due to this high 

attenuation, the distance range in which 5G signals are 

effective, that is, the service can provide, is gradually 

decreasing. To solve this problem, methods such as 

installing more and more Cells and increasing the number 

of antennas and transmitter power are being considered. It 

is even thought that this installation amount will be 10-100 

times more than 4.5G (Björnson, Hoydis, & Sanguinetti, 

2017). For this reason, Cell structures that enable users to 

communicate are gaining more and more importance with 

new operating frequencies. How the cell structures will 

react, especially at millimeter-wave frequencies, is very 

important to increase the performance of communication 

technology and service. For this reason, the Cell structure 

issue in 5G technology is the most important issue that we 

examined in our study. These cell structures are originally 

composed of Macro, Micro, Metro, Pico, Femto structures. 

However, in our study, the Rural Macrocell structure, 

which offers the widest coverage and capacity, was 

examined according to the scenario environment suitable 

for the channel models used, and its responses in wide 

application ranges were tried to be shown. Channel models 

used in the study are the 3rd Generation Partnership Project 

(3GPP) and New York University-Wireless (NYU-

Wireless). The responses of the Rural Macrocell at 6 and 

28 GHz were investigated according to Line Of Sight 

(LOS), Non - Line Of Sight (NLOS), and finally, the 

hypothetical approach Line Of Sight + Penetration 

(LOS+P). In the examination, both the variation of the cell 

structure in millimeter-wave and the differences between 
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the channel models were revealed. In our study, firstly, the 

general characteristics of the Rural Macrocell were 

mentioned. Then, the mathematical models of path loss for 

5G frequencies are explained. Then, the channel models 

used in the study are explained. Then the scenario 

environment and the results obtained according to this 

environment are shown. 

 

3. RURAL MACROCELL 

 

With a maximum radius of 35 km, it is the cell structure 

that offers the widest coverage area compared to other cell 

structures and provides service to more than 2500 users at 

the same time. Due to this feature, it provides a very wide 

service to the region where it is located. Due to its wide 

area of service, it also serves as a roof and ensures that 

users receive uninterrupted service in the area where other 

cell structures are located. The visual in Figure 1 represents 

a macrocell structure that serves as a framework (Çil & 

Kahvecı, 2018). 

 

 

Figure 1. Representation of the macrocell acting as a roof. 

 

Even if a UE in such a structure leaves the coverage area 

of other cell structures, it will receive service without any 

interruption, since it will not leave the boundaries of the 

Macrocell. Macrocells operate at lower frequencies than 

other cell types to serve such a wide area. They consume 

more power per antenna than other cell types (7-100 Watt). 

However, 3GPP did not specify any upper limit for 5G 

frequencies (3GPP, 2019c). Installation heights are 

generally 35 meters and above (3GPP, 2020). In the regions 

where it is located, the height of the buildings is around 15 

meters on average and consists of abundant wooded areas. 

Therefore, the loss of greenery at the installation sites is an 

important negative factor. 

 

4. PATH LOSS MATHEMATICAL 

MODELS 

 

There are two different mathematical models (ABG and 

Close-in) that are candidates for 5G. These models give 

more accurate results than other mathematical models at 

high frequencies and wide application ranges (Sun, 

Rappaport, Rangan, et al., 2016). Therefore, channel model 

studies, in general, are formed on the basis of these two 

models. It is stated that the cases where the reference 

distance is 1 meter and the reference frequency is 1 GHz in 

the models give more accurate results (Rappaport, 

MacCartney, Samimi, & Sun, 2015). For this reason, 

channel model studies were mostly created according to 

these reference values.  

 

4.1. ABG (Alpha-Beta-Gamma) Path Loss 

Model 
 

ABG model (Maccartney, Rappaport, Sun, & Deng, 

2015), one of the candidate mathematical models for 5G, 

consists of a 3-variable structure. In (1), the equation of this 

model is given. 

 

PLABGሾdBሿ=10αlog
10

ቀ
d

d0

ቁ +β+10γlog
10

൬
FC

FC0

൰ +σABG          

(1)  

  

where d0 (meters) is the reference distance, FC is the (GHz) 

frequency, α (Alpha) and γ (Gamma) are path loss factors 

characterizing the distance and frequency dependence, and 

β (Beta) gives the optimized compensation value in dB, FC0
 

(GHz) is the reference frequency value, σABG is the 

standard deviation of signal fluctuations in path loss over 

distance . The three variables mentioned here are the values 

that vary according to the frequency used, the distance, the 

region where the modeling will be made, the ambient 

conditions, the transmitter and receiver height, and are the 

values that can be obtained by measuring. 

 

4.2. Close-In (CI) Path Loss Model 

 

The CI model (Sun, MacCartney, & Rappaport, 2016), one 

of the candidate mathematical models for 5G, consists of a 

single parameter according to the ABG model. This model 

also includes Free Space Path Loss (FSPL). The equations 

of the model are given below.  
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FSPL=20log10 ቀ
4πdFC×109

c
ቁ                        

          (2) 

 

FSPL(FC,1m)=20log10 ቀ
4πFC×109

c
ቁ = 32.4+20log10 ൬

FC

FC0
൰    

(3) 

 

PLCIሾdBሿ=FSPL(FC,1m)+10nlog
10

ቀ
d

ⅆ0
ቁ +σCI                      

(4) 

 

 PLCIሾdBሿ=32.4+20log
10

൬
FC

FC0

൰ +10nlog
10

ቀ
d

ⅆ0
ቁ +σCI

          (5) 

The equation given in (5) belongs to the CI model. Here, 

the value of 'n' is the only parameter that makes up the CI 

prediction model and is called the path loss multiplier. 'c' 

represents the Speed of Light (3×108 m sΤ ). It is stated that 

it gives better results than the ABG model, which includes 

3 parameters, although it contains only one parameter (Sun, 

Rappaport, Thomas, et al., 2016). 

 

5. CHANNEL MODELS 

 

Since the cell structure examined in this study is only RMa, 

there are channel models created for this structure in the 

channel models to be examined. Working groups working 

on the channel model for RMa are 3GPP and NYU. The 

model belonging to 3GPP from these groups is called the 

3GPP 3D Model, while the model belonging to NYU is 

called NYU-Wireless. The 3GPP 3D Model (3GPP, 2018) 

includes channel models for macro, micro, pico, and 

femtocell structures in frequency ranges of 0.8-100 GHz 

and wide application ranges up to 10 Km. However, in the 

channel model made for RMa, the maximum applicable 

frequency is determined as 30 GHz. The channel models 

belonging to this study group were created according to the 

omnidirectional antenna structure. The NYU-Wireless 

Model (MacCartney & Rappaport, 2017) includes channel 

models that he obtained through his own work to solve the 

problems in channel models related to RMa. In particular, 

3GPP has put a lot of emphasis on 3D Models. The 

maximum applicable frequency value is determined as a 

maximum of 100 GHz. This channel model was created 

according to the directional antenna structure. Detailed 

information about these two channel models specified for 

our study is given in Table 1.

 

Table 1. Channel models for RMa 

Rural Macrocell (Directional (D) & Omnidirectional (O)) 

M

o

d

e

l 

C

as

e 

PL(dB),FC(GHz),d(Meter), d0 (Reference Distance), c 

(speed of light) 

SF 

(dB) 
Applicable Ranges 

3

GP

P(

O) 

L

O

S 

PLLOS= ൜
PL1, 10m≤d2D≤dBP

PL2,dBP≤d2D≤ 10Km
ൠ 

 

PL1=20log
10

(40πd3DFC 3Τ )‐ min(0.044h1.72,14.77) 

+min(0.03h1.72,10)log10(d3D)+ 0.002log10(h)d3D 

4 

0.8FC30 GHz 

5m≤ h≤ 50m 

5m≤ W≤ 50m 

1m≤hUE≤ 10m 

10m≤hBS≤ 150m 

 

hBS=Base Station’s Height 

hUE=User’s Height 

 
PL2=PL1(dBP)+40log10 ൬

d3D

dBP
൰ 6 
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N

L

O

S 

PLNLOS= 

161.04+(43.42‐3.1log10(hBS))(log10(d3D)‐3) 

+20log10(FC)+7.5log10(ℎ)‐7.1log10(W) 

‐(24.37-3.7ቀ
h

ℎ𝐵𝑆
ቁ

2
)log10

(ℎ𝐵𝑆)-

(3.2(log
10

(11.75hUE))
2
‐4.97) 

 

PL=maks(PLLOS,PLNLOS) 

8 

W= Average Street Width 

h= Average Building Height 

 

Default 

W=20 

h=20 

(Measurement 24 GHz) 

N

Y

U(

D) 

L

O

S 

CI model (d0=1meter) 

PL=32.4+21.6log10(d3D)+20log10(FC) 
1.7 

Measurement 73 GHz 

0.5≤FC≤ 100 

10 m≤d3D≤ 11 Km 
N

L

O

S 

CI model (d0=1meter) 

PL=32.4+27.5log10(d3D)+20log10(FC) 
6.7 

Not: dBP=2πhBShUE FC cΤ  and c=3×108 m sΤ  ,  For NLOS 10m≤d2D≤ 5Km 

 
 

6. SCENARIO FOR RMA 

 

The channel models made for this cell are generally created 

in rural areas according to constant street width (W=20 

meters) and constant building height (h=20 meters) and 

areas with plenty of greenery. In our study, it is aimed to 

provide a better understanding of the cell structure by 

creating this channel as a representative environment 

suitable for the models. Figure 2 shows this environment 

representatively. 

 

 

Figure 2. Scenario environment for Rural Macrocell 

consisting of ordered and sequential buildings 

 

In this scenario, which we describe as a place with similar 

and regular buildings, 3 different situations (LOS, LOS+P, 

and NLOS) are examined when going towards a building 

to better understand the response of the Downlink (DL) 

signal from an RMa at 5G frequencies shows the 

representative environment that illustrates these situations. 

 

 

Figure 3. Scenario representation of the RMa Cell for 3 

different situations 

 

When the above image is examined, 3 different users 

(UEA, UEBve UEC) standing around a building and a 35 

meter high RMa base station (BS) structure is seen. Here, 

the user in blue (UEA) is the LOS state where the DL signal 

from the BS reaches the user directly, the user in red (UEB) 

is the breaking of a signal from the BS. and shows the 

NLOS situation where it can reach the user standing behind 

a building through reflections. Finally, to better understand 
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the attenuation experienced in the millimeter-wave, 

LOS+P is shown in which a user (UEC ) is shown with a 

clear section of it. Here, the signal travels 250 meters in 25 

mm/h rainy weather and passes through a 1 meter wide 

foliage. Afterward, it proceeds another 256 meters and 

passes through the glass of the building. Finally, after 6 

meters further inside the building, it passes through the 

masonry wall and reaches the user (UEC). All these 

assumptions are valid in Uplink (UL) signal from UE to 

BS. The only difference is that UE transmitter power and 

antenna gains are lower than BS.  

 

  

Figure 4. Distance display between BS and UE 

 

The distance value indicated in the graphs is the value d2D 

and shows the direct distance between the BS and UE 

locations. In this scenario, the RMa consists of a single 

antenna structure. There are no other effects other than 

those mentioned in the scenario. Other parameters 

specified for the scenario are shown in Table 2. 

 

Table 2. Scenario parameters for RMa  

SCENARIO PARAMETERS LOS 

NLOS 
LOS+P 

Frequency 
6 GHz 

28 GHz 

Bandwidth (BW) 
100 MHz 

400 MHz 

BS Antenna Trans. Power (PBS) 50 dBm 

BS Antenna Gain (GBS) 20 dBi 

UE Antenna Gain (GUE) 5 dBi 

Folliage Loss - 
3 dB 

7 dB 

Glass Loss - 
2 dB 

5 dB 

Wall Loss - 
14 dB 

20 dB 

Rain Loss (dB / km)) - 
0.2 dB 

6 dB 

Measurable Max Path Loss 163.175 dB 

Receiver Sensitivity 
     -96.09 dBm 

-88.175 dBm 

SNR (min) -10 dB 

 

The parameters indicated in Table 2 were not chosen 

randomly. Most of the scenario parameters were written in 

accordance with the frequencies used for this study 

(BandWidth (3GPP, 2020), BS Antenna Transmit Power 

(3GPP, 2019c), Folliage Loss (Samsung, 2017), Glass Loss 

(Vargas, da Silva Mello, & Rodriguez, 2017), Wall Loss 

(3GPP, 2019b), Atmospheric Loss (Sector, 2019))], Rain 

Loss (Qingling & Li, 2006), Receiver Sensitivity (3GPP, 

2020) , SNR (min) (3GPP, 2019a)). In the results obtained 

with these parameters, especially the maximum distance 

that the signal can travel, the total path loss values and the 

behavior of the channel models are the main subjects of our 

investigation. In the study, 400 MHz bandwidth was used 

for 28 GHz and 100 MHz bandwidth was used for 6 GHz. 

 

7. RECEIVED SIGNAL POWER  

 

The calculation of received signal strength in UE is 

calculated by subtracting all losses from the sum of antenna 

power and gains. The formula expressing this situation;  

 

Received Signal Power (PR) = Antenna Transmit Power 

(PT) + Transmit Antenna Gain (GT) + Receive Antenna 

Gain (GR) − Path Loss (PL) − Shading Effect (Shadow 

Fading, SF) – Atmospheric Loss – Rain/Snow Loss − 

Foliage Loss – Penetration Loss (Wall, Glass, Building, 

etc…) – Interference Loss – gNodeB Cable Loss – Other 

Losses. 

 

It is in the form. In this study, Interference Loss and Other 

Losses were not included, as the examination was made 

according to a single-cell structure. 

 

8. EVALUATION OF GRAPHICS 

 

In the image in Figure 5, those indicated by A and B show 

the distance-related path loss for the user in LOS state and 

the signal strength level received at the user (UEA). The 

Breakpoint (BP) statement exists only for the LOS state of 

the 3GPP model. The distance at which the channel occurs 

according to the model is shown. Graphs C and D contain 

results for the user (UEB) in the NLOS state. The 3GPP 

model NLOS has limited the maximum distance to 5 km 
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for the case. That's why the graphs are drawn up to that 

limit. The graphs E and F show the results obtained from 

the LOS+P user (UEC ). The signal attenuation caused by 

the direct encounter of the LOS model with the tree, glass, 

and wall is better understood in these graphs.

.

 

Figure 5. Graphs of total path loss and received signal power in UE for LOS, in RMa 

 

When Figure 5 is examined, it is seen that the 3GPP 3D 

Model gives much more loss values than the NYU-

Wireless Model in the case of LOS (Graphs A and B). Even 

after 2000 meters, it is understood that the 3GPP model at 

6 GHz creates more loss values than the NYU model at 28 

GHz. From 2000 meters, the path loss rate of the 3GPP 

model increases almost linearly. Although there is a LOS 

situation in the 3GPP model, the signal cannot exceed 8000 

meters even at 6 GHz. This shows that the 3GPP model 

gives very high results. At the Breakpoint (BP), the 

frequency effect is better seen. At 6 GHz, BP occurred at 

6600 m, while at 28 GHz it occurred above 30000 m. This 

distance value shows why the concept of BP point is 

controversial because the BP point in the millimeter 

waveband exceeds the application limits of the channel 

model. Here the BP value is only available in the LOS state 

of the 3GPP model. In other cases, it is not.  
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Figure 6. Graphs of total path loss and received signal power in UE for, NLOS and LOS+P states in RMa 

 

In the NLOS case (Graphs C and D), the loss value in both 

models is almost 30 dB higher than in the LOS case. This 

value of loss caused the service distance to decrease by a 

minimum of 4 times in the 3GPP model and 6 times in the 

NYU model. When the NYU model is considered in the 

graphics, the service distance at 6 GHz frequency is around 

6000 meters, while at 28 GHz it is around 2000 meters. 

This shows that signal attenuation at millimeter wavelength 

can reduce the service distance by an average of 3 times. In 

the LOS+P case (E and F Graphs) we created to better 

understand the signal attenuation in 5G, the parts indicated 

by the signs show the distance that the DL signal 

encounters with that object. If we pay attention to the 

graphics, the signal attenuation is even more than the 

specified attenuation in the NLOS case, especially when 

dense structures are encountered. The service distance of 

the signal is reduced to one-fifth of the NLOS situation. 

This shows that millimeter-wave signals cannot be used 

effectively for dense structures. This indicates that a UE 

traveling between neighborhoods will frequently 

experience sudden signal dropouts or speed drops. This 

suggests that smaller cell types or signal enhancers should 

be established in each dense structure-containing region. 

He thinks that the frequency used especially in macrocells 

cannot be increased too much. As the frequency increases, 

the damping ratio will also increase. This means that 

reaching the desired service quality will be less than 4.5G. 

This shows that the higher frequencies specified in the 

channel models will create extra difficulties in real life. 

Therefore, we believe that the results of the NYU channel 

model for 50 GHz and higher frequencies will not be 

correct in our opinion. In channel models, especially 3GPP 

gives very high results. NYU-Wireless channel model, on 

the other hand, gives more accurate results in our opinion. 

However, it should be noted that the NYU-Wireless model 

may also have an effect on the creation of a directional 

antenna. 
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9. CONCLUSION 

 

In this study, the behavior of the rural macrocell structure 

at both millimeter-wave frequency and submillimeter-

wave frequency was investigated through 2 different 

channel models. With this review, both the behavior of the 

channel models were seen and the problem that users 

would encounter if 5G frequencies were used was better 

understood with technical data. It has been seen that the 

3GPP channel model gives very high results. It is thought 

that as the millimeter-wave frequencies go above 28 GHz, 

the service distance for the Rural Macrocell will narrow 

considerably and the sudden speed drop and connection 

problems will increase for the users. Among the channel 

models, it was seen that the NYU-Wireless model gave 

relatively more accurate results. Experimental 

measurement work is planned for the future. In this way, 

the accuracy of the models will be better understood. 
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ABSTRACT 

The Brain-Computer Interface (BCI) is a 

communication system that enables the electrical 

activities in the brain to be transported and used 

through neurons. One of the input signals is 

Magnetoencephalography (MEG). MEG is a 

neurophysiological technique that allows imaging 

brain activity by measuring magnetic fields 

generated by neuron activity. In this study, MEG 

signals of participants were used during two mental 

imaging tasks.  

In these tasks, a participant was asked to imagine 

that his hands or feet were moving when the hand 

and foot image was shown on the screen in front of 

him, to perform this operation in his mind when the 

subtraction was shown, or to derive a word starting 

with that letter in his mind when the letter image was 

shown. A BCI model was constructed by MEG 

dataset. The features were extracted by using Keltner 

Lines, which were generally used in financial 

markets. Afterwards, the statistical values including 

skewness and kurtosis were calculated as features 

using these lines. The extracted features were tested 

with Support Vector Machines (SVM), Decision 

Tree, and k-Nearest Neighbor (k-NN) classifiers 

 

Keywords: MEG, BCI, classification, keltner, 

feature extraction, skewness, kurtosis 

 

1. INTRODUCTION 

With the development of technology, it has become the 

subject of human and computer interaction, which is an 

increasingly important issue recently. Thanks to the rapid 

developments in artificial intelligence, medicine and 

electronics, the opportunity to better examine the brain, 

which is the most complex structure of our age, has 

increased. With the developing technologies, the neural 

activities of the human brain have begun to be observed 

better. With these observations, the signals produced by 

the brain are tried to be interpreted by transferring them 

to the computer environment with various sensing devices 

(Shiv Kumar, Suresh, Jitender, & Anil, 2020). Thanks to 

the data obtained from these signals, many tasks such as 

moving the robots without the need for muscle power, 

typing on the screen without touching the keyboard, 

changing the images by thinking (Alexander, Vladimir, & 

Alexander, 2021). In addition, various brain functions or 

diseases can be diagnosed or treated from the signals 

obtained. Here, a device called Electroencephalogram 

(EEG) is used to detect the electrical signals produced by 

the brain. The EEG device, which is the most used device 

in disease diagnosis and treatment or research, is highly 

preferred because it is both affordable and portable 

(Zhengrui & Qun, 2018). However, different methods are 

used to detect the changes in the brain. One of them is by 

measuring the magnetic changes that occur as a result of 

the electrical activity in the brain. The neural activity 

resulting from these magnetic changes can be observed 

thanks to the device called MagnetoEncephaloGraphy 

(MEG), which is the most widely used today (Peter et al., 

2017). However, since this device has disadvantages in 

terms of portability and cost, it is not used as much as the 

EEG device in academic studies. Therefore, in this study, 

Rathee et al. a ready-made data set recorded by patients 

with a MEG device on their head was used in 2 different 

tasks (Rathee, Raza, Roy, & Prasad, 2021). These records 

were then tried to be classified for the first time with the 

Keltner Lines method, which was used for the first time 

in this study. 

2. MAGNETOENCEPHALOGRAPHY  

MEG is a non-invasive neuroimaging technique used to 

investigate human brain activity. It provides millisecond 

measurement of brain activity and shows where brain 

activity is produced. (Peter et al., 2017).  
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Neurons in the brain have electrochemical properties that 

cause ion current at the cell level. Electromagnetic fields 

are formed by the effect of the slow ionic current created 

by these neurons. Although this area is negligible for a 

single neuron, a measurable area is formed by the effect 

of multiple neurons. Figure 1 is a sample image showing 

this situation (Neurorecovery, 2021).

 

 

Figure 1. MEG images started to be obtained within milliseconds from the start of the activity. 

 

This magnetic field created by the brain is one billionth 

of the world's magnetic field strength. Magnetic fields are 

detected by superconducting detectors and amplifiers 

known as squids. Superconducting Quantum Interference 

Device (SQUID) sensors are washed in a liquid helium 

cooling unit at -269°C to create low impedance. The 

magnetic field produced by neurons can be detected by 

squid sensors positioned a few cm away.. 

It was developed to detect the magnetic field that occurs 

during neural activities in the brain. Due to the very low 

level of magnetic changes in the brain, detection MEG 

devices have been developed to make sensitive 

measurements very quickly (Carolina, Inês, Gregory, & 

Stefano, 2021). These devices are very expensive due to 

their sensitive structure. MEG is a technique with many 

advantages. These are; 

- Using with Magnetic Resonance Imaging (MRI) can 

determine the localization of the desired brain activity. 

- Allows instant (within milliseconds) visualization of 

brain activity. 

- fMRI measures brain activity indirectly related to blood 

flow, while MEG is derived directly from neuron activity. 

- Since it is not sensitive to movements, it can be used 

easily by children. 

- The spatial resolution of MEG is quite high. 

- Since it does not require any radioactive interaction for 

measurement, it does not cause any known damage 

during measurement (Coquelet et al., 2020). 

 

 

Figure 2. MEG device  

 

Figure 2 shows a visual MEG device. It is not an easily 

accessible device because it is sensitive, large and 

expensive (Supraconductivite, 2021) 

. 

 

3. KELTNER LINES 

 

Keltner Lines (Channels) is a chart that shows technical 

analysis of stock prices to identify price volatility and 

market trends. Keltner Lines consist of 3 lines: Middle, 

Lower and Upper. Before starting trades for lines, the 

signal is made similar to the bar charts used in financial 

markets charts. For this, the signal is divided into a 

specified number of intervals. ("Keltner Channels," 

2021). 
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Figure 3. General representation of financial markets 

 

Keltner Lines Calculation: 

 

EMA: Exponential Moving Average 

ATR: Average True Range 

Middle Line= EMA                                                  (1) 

Upper Line= EMA + Constant x ATR                     (2) 

Lower Line= EMA – Constant x ATR                     (3) 

 

The width of the bands can be increased or decreased by 

increasing or decreasing the constant value. In this study, 

the constant value was determined as 110. 

 

EMA Calculation: 

In this study, between 2.5 and 4.5 seconds of MEG signal 

was considered. The considered 2-second interval was 

sampled at 1 kHz. As a result, the data obtained with 2000 

data lengths are divided into 200 equal intervals, each 

containing 10 data. The first 20 intervals of the 200 

intervals were used to calculate the initial EMA. Other 

EMAs were calculated using the remaining 180 intervals 

one by one. The initial EMA value is obtained by simply 

averaging the last values of the 20 specified intervals. 

 

EMA(i) = (lastvalueoftheinterval(i)‐ 

EMA(i‐1))xmultiplier+ EMA(i‐1)                       (4)  

Multiplier= 

2
⬚

(numberofintervalsprocessed
inthecalculationofthefirstema+1)

൘                   (5) 

 

TR(TrueRange)=Max value of theinterval‐        (6) 

min value of theinterval| 

                                                                                   

Max value of theinterval‐ 

last value of the previousinterval|                           (7) 

 

Last value of the previousinterval‐ 

min value of theinterval|                                        (8) 

                                                                                                   

True Range of the interval is the maximum value obtained 

from the above 3 formulas. 

 

ATR= Max(TR)
(number ofintervals

processed in the calculation)
ൗ      (9)       

 

After the calculations, respectively kurtosis, covariance 

and skewness feature extraction processes will be applied 

for the 3 lines, and the 3 values obtained will be a feature 

of the data. Figure 4 shows an example chart showing 

EMA lines. 

 

 

Figure 4. EMA Lines (Upper, Middle and Lower) 

4. METHOD 

The dataset used in this study was recorded during two 

mental image tasks (i.e. hand image, foot image) with 306 

channels (102 magnetometers and 204 planar 

gradiometers) and a sampling frequency of 1 KHz. In 

these tasks, a participant was asked to imagine their hands 

or feet moving when a hand or foot image was shown on 

the screen in front of them. Participants imagine the image 

displayed after a 2-second rest period. The task ends with 

a beep sound for 5 seconds.
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.

 

Figure 5. Timing diagram of MEG-BCI paradigm. 

Each trial starts with a rest period of 2 s followed by 5 

s of imagery task period. 

 

During the resting period during the experiment, the 

participants were asked to look at the plus sign displayed 

on the screen. Images are given from a projector with a 

resolution of 1024x768 and a refresh rate of 60 Hz. The 

displayed image remains constant on the screen 

throughout this task. In MEG data, 2 sessions for testing 

and training were recorded on different days. Each session 

includes 100 trials (50 trial hand and 50 trial foot) for 7 

seconds, and there are 306 channels. Data from 102 

magnetometers were discarded, while MEG data from 

204 gradiometer sensors were used. Because the former 

cause a higher sensor-to-noise ratio and are more sensitive 

to cortical activations. The dataset includes MEG 

recording with 17 healthy participants using a typical BCI 

image paradigm. The study was conducted with 20 

healthy participants (Rathee et al., 2021). However, the 

data of three participants were excluded from the dataset 

due to quality issues. Therefore, the data of these 

participants were not included in the classification. The 

first session was used as the training set and the second 

session as the test set. BCI model was created with the 

data obtained from MEG data. The features are extracted 

with Keltner Channels, which are generally used in 

financial markets. Then, statistical values such as 

curvature, covariance, kurtosis were calculated as features 

using these channels. Extracted features are tested with 

Support Vector Machines (SVM), Decision Tree and k-

Nearest Neighbor (k-NN) classifiers. 

 

5. CLASSIFICATION 

 

The hand-foot image classification accuracies obtained 

with the extracted features are as in the table below. The 

table shows the k-NN results according to the order of the 

participants. These results showed that the proposed 

algorithm has great potential to classify MEG data by k-

NN with the highest accuracy for BCI applications. The 

highest results were obtained with k-NN. 

Table 1. Classification results obtained by the Keltner 

lines method of 17 participants 

PARTICIPANT ID H: Hand 

F: Foot 

1 57 

2 55 

3 67 

4 57 

5 x 

6 57 

7 59 

8 x 
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9 59 

10 x 

11 56 

12 60 

13 59 

14 59 

15 59 

16 61 

17 55 

18 57 

19 54 

20 56 

Mean 58.0588 

Std 3.0098 

 

 

The average accuracies obtained in the inter-session 

studies by Rathee et al. were found to be 54.82% and 

56.06%. The classification accuracy was improved by the 

Keltner lines method, which was used for the first time in 

this field. 

 

6. CONCLUSION 

 

In this study, Keltner Lines method was applied on the 

ready MEG data and it was seen that this method 

increased the classification accuracy. This method, which 

has been applied for the first time, has been shown to be 

promising in increasing the classification accuracy. 

Studies will be continued to see the effect of this study in 

other tasks and to further increase the classification 

accuracy. 
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ABSTRACT: 
Security breaches that drone swarms may create in the air defense system must be determined in advance. In this study, 

a smart drone detection system for detecting drone swarms is proposed. Among the object detection methods, the 

YOLO algorithm was preferred as the optimum method. According to the experimental results, an average of 97,48% 

percent success was achieved in the same type of drone types, and an average of 95,46% percent in noisy images with 

different drone types. 

Keywords: Drone Swarm, Intelligent Systems, Object Detection, YOLO, Optimization 

1.INTRODUCTION 
 
Drones are unmanned aerial vehicles that can be controlled and directed to desired routes via remote control. It is made 

of different lightweight materials to increase maneuvering speed and reduce weight during flight. 
Drones have recently been used in many areas such as firefighting, wildlife monitoring, agriculture, post-earthquake 

damage and radiation detection. In military areas, there are screening, instant general targeting, general surveillance in 

peacetime, surveillance of enemy activities in wartime, routing in closed weather, enemy tracking, transmission of radio 

signals, safety of airstrips, damage assessment studies, and use as radar when necessary. Its use in military attacks has 

made it more widely known. 

Since drones are easily available, many groups today carry out their attacks using these tools. There are many examples 

of the use of these vehicles in attacks on military bases, airports and critical facilities, which are the main reasons for the 

low risk of being caught, the absence of manpower for attacks, and the ability to be controlled remotely. (Alay,2019) 

With the increase in the number of drones, the danger of illegal use has become more apparent. The occurrence of the 

danger necessitated the creation of automatic drone protection systems. One of the important tasks solved by these 

systems is the reliable detection of drones near protected objects. However, drone detection using visual information is 

hampered by the huge resemblance of drones to other objects such as birds or airplanes. In addition, since drones can 

reach very high speeds, detection needs to be done in real time. (Seidaliyeva,2020) 

Automatic detection and tracking of UAVs is an important issue in air security systems, as unmanned aerial vehicles 

(UAVs) can pose a great risk to aviation security due to both negligent and malicious use. (Poyser,2021) 

There are two main challenges to detecting drones in real time. One of them is that drones move fast. These results in 

the need for faster detectors. Another problem is that small drones are difficult to detect. (Lui,2021) 

When the aforementioned issues are considered, it becomes clear that detecting drone swarms are challenging and 

crucial. Based on these problems, a smart system that can detect drones in real time has been proposed. In the study, 

high accuracy value was obtained in different drone types and noisy images. 

2. METHOD 
In this study, real-time detection of drone swarms was used by the YOLO (You Only Look Once) algorithm. High 

success has been achieved in the detection of the created model in different drone images. It is intended to detect one or 

more unmanned aerial vehicles in environments where different weather conditions, birds and other distracting objects 

may also be present. 

YOLO is an algorithm that performs real-time object detection using convolutional neural networks (CNN). The YOLO 

algorithm simultaneously detects objects in images or videos and their coordinates. 

YOLO's architecture is highly influenced by GoogleLeNet. The network consists of 24 convolution layers for property 

extraction, followed by 2 fully connected layers to predict bounding box coordinates and related object probabilities. 

(Wu,2018) 

Unlike floating window and zone suggestion-based techniques, YOLO sees the entire image during training and testing, 

thus encoding contextual information about classes and their views. (H.D.I,2021) The reason why the algorithm is fast 

is that it can predict the class and coordinates of all objects on the image by passing the image through the neural 

network at once. 

The YOLO algorithm first divides the whole picture into grid regions of SxS dimensions. Each grid is passed through 

the neural network. The aim here is to detect the object in the grid and take it into a closed box. While the grids are 

passed through the neural network, it is checked that the middle point of the object is in the grid. If the midpoint of the 

object is in the grid, it calculates the height, width, class and confidence score of the object it detects .(Redmon,2015) 

As shown in Figure 1, the grid where the midpoint of objects corresponds is responsible for detecting that object and 

drawing a bounding box around it. YOLO creates a separate prediction vector for each grid. Each of these contains a 

confidence score, coordinates of the object's midpoint, width and height values, and linked class probability 

information. 
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Figure 1. Working Principle of YOLO Algorithm [7] 

The confidence score reflects the presence or absence of the object of any class within the bounding box; if it's 0, it 

definitely doesn't exist but if it's 1 definitely exist. (Redmon,2015) If the object is considered to be an object, it indicates 

whether it is really that object and how confident it is from the coordinates of the box around it. 

Confidence Score = Pr(obj) x IoU 

 

Here pr(obj) - The probability of the object being found in the grid, IoU - Is the intersection of the box where 
the object actually is located and the predicted box. 

 
A. Creation of the Data Set 

 

In this study, different scaled drone images of different weather conditions, color values and varieties were 
used. The data set was enriched with the help of data augmentation method. The effect of the model on 
different images was investigated by creating a highly diverse data set containing a total of 1379 images. 

 
B. Labeling of the Data Set  

 

In this study, the objects to be introduced in all pictures on the makesense.ai online platform were selected 
one by one and labeled. A .txt file is created for each tagged image. In the resulting .txt file, there is the class 
and normalized coordinate information of the tagged picture. 

 
C. Model Training 

 

80% of the tagged data set is grouped to be used as training and 20% as test data. The data set consists of a total of 1379 

images. The model is built in a Google Colab environment because the training process provides free GPU support for 

performance and speed. Using the YOLOv4 ready model, the hyperparameters in the configuration file are purpose-

appropriately arranged and trained with images of model size 416x416. Classes values are 1, filters number 18, number 

of max_batches 2000, subdivisions 64, and batch value 64. 

 

D. Test Phase 

 

The success results of the model created on the Spyder IDE on different images were evaluated. It has also been 

observed that it accurately detects images of birds and objects in different weather conditions. 
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(a) (b) 

Figure 2. (a) General Block Schema of the System, (b) The Flowchart for training of YOLO(Shinde,2018) 

 

The flowchart for training of YOLO based action recognition model is shown in Figure 3. YOLO 
requires a .txt file for each frame with a line for each action in the frame.(Shinde,2018) 

 

3. NON-MAXIMUM SUPRESSION METHOD AND BOUNDING BOX CALCULATION 

 

In this study, using the Non-Maximum Suppression (NMS) method, multiple bounding box drawings were 
prevented on the same object detected in the video or images. In this way, more efficient results were 
obtained in object detection. 

Object detectors have benefited greatly as they move towards an end-to-end learning paradigm: 
recommendations, features, and the classification of the classifier becoming a single neural network have 
made overall object detection results twice as good. A finishing algorithm responsible for merging all 
detections of the same object is Non-Maximum Suppression. (Hosang,2017) 

Typical Object detection; The pipeline layout has a component for creating bids for classification. Bids are 
candidate regions for the object of interest. Most approaches use a floating window on the property map and 
assign foreground/background scores based on the properties calculated in that window. Neighboring 
windows have similar scores to some extent and are considered candidate regions. This leads to hundreds 
of offers. Restrictions are kept loose at this stage, as the bid creation method must have a high 
recall. However, processing many recommendations over the classification network is laborious. This leads 
to a technique that filters bids based on some criteria called Non-Maximum Suppression. (Bodla,2017) 
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Figure 4. Non-Maximum Suppression (Bodla,2017) 

 

First, NMS sorts all detection boxes by score. The M detection box with maximum score is selected and all 
other detection boxes with a significant overlap with M (using a predefined threshold) are suppressed. This is 
applied iteratively to the remaining boxes. (Goutte,2005) 

 

Figure 5. Bounding Box 

 

As specified in Figure 4, the starting points (start_x, start_y) of the bounding box to be drawn on the object 
are determined. From the x coordinate of the center of the box, the start_x half the width of the box, and from 
the y coordinate, half the height of the box, the start_y point was determined and the box began to be drawn 
from the lower left corner. 

 

4. RESULTS 

In studies with deep neural networks; model performances are known to differ depending on the structure of 
the data set used, the size, depth of the architecture, the type of optimization methods and activation 
functions used In addition, the performance of optimization algorithms varies depending on the selection of 
parameters and how the  neural network is configured. 

The training process of the artificial neural network model designed in the study was carried out on the 
Google Colab platform, which provides free GPU support. Testing processes were conducted with spyder 
IDE on NVIDIA GeForce GTX1080 Ti 11 GB graphics card. The initial learning rate and other parameters 
required for the system to function properly were taken in the same way as the original YOLOv4 model. In 
order to improve performance, only the necessary hyperparameters were modified. The model was trained 
for approximately 8 hours. The training process took 2000 epochs and the weights of the model were backed 
up with every 200 steps. These backed-up weights were then run on the test data. Figure 5 (a) is of different 
types, and Figure 5(b) is given examples of different-scale drone detection of the same type. 
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(a)                                                                                                  (b) 

Figure 6. Detection Results 

 

As a result of the object detection process, an average of 97.48% success was achieved in the same type of 
drone types in the dataset, an average of 95.46% on noisy images with different scaled drone types, and an 
average of 95.67% on images of different weather conditions. 
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Abstract: 

Data science and particularly data itself have been a core part of living all along throughout human history. The data once 

was all about light, sound and scent. As the human civilization developed through ages, this data has now evolved into 

experiments, observations and thus conclusively numbers. Eventually all these subjects conclude our definition 

“Knowledge”.  

In today's world, “data” has already begun to be called the new "oil" of the global industry. Explanation is; being so 

simple yet universally embracing and therefor, mighty enough to influence even our daily life routine.  

In this particular research, we stepped in to data science and machine learning in order to classify text data. As a source 

of text data we used Twitter and collected data via its users’ accounts. Data collection was done over a certain period of 

time and a certain region. After data collection process, we utilized one of the machine learning named as Naïve Bayes 

to classify the relevant texts “tweets” into its corresponding category. This classification is done under 5 categories 

namely; politics, economy, sports, art and technology.  

The results of the experiments gave us an idea about people’ş temperament in certain time periods based on their tweets 

with marginal errors. Nevertheless, it managed to provide us with a general view about the ability of such systems to 

quickly and accurately give us an idea about the topics that concerns the public at certain times.  

 

Keywords: Machine Learning, Python Programming Language, Naive Bayes Classifier. 

 

1.1 Problem, Purpose and Suggestion 

In this project, it is aimed to classify text using a machine learning algorithm. The algorithm to be used was decided as 

Naive Bayes in line with some researches, time and possibilities, trials and studies were carried out on it. In order to code 

the algorithm and make it functional, Javascript was chosen for the first time, and then Python programming language 

was chosen, considering it inappropriate. The purpose of choosing Python is its library capability, the abundance of 

resources in the field of machine learning and its usefulness. The Twitter API and Turkish word stemming modules, 

which will be mentioned in the next sections, were used and the project progressed in this way. 

As a text source, a platform or source search has been made that can provide us with plenty of data. As a result, it was 

thought that Turkish Tweets shared on Twitter could be used as a data source, and it was decided as a result of necessary 

trials and tests on this route. It is possible to briefly explain the reason for this: Twitter offers its own APIs to users as 

open source through its developer accounts. It is easy to access and work on an unlimited number of data through these 

APIs. The real-time Turkish Tweets we access in this way will first be passed through some filters we have designed, and 

then they will be finalized to be included in the algorithm. In order to compare and categorize these Tweets, a number of 

training data sets were used. Under the subject headings of the 5 categories (art, economy, politics, sports, technology) 

we have determined, firstly, the training data was collected, filtered and arranged to be compared with the Tweets that 

will be included in the program in real time. 

 

1.2 Machine Learning 

Machine learning (ML) is the scientific study of algorithms and statistical models that computer systems use to perform 

a specific task without using explicit instructions, but rather relies on patterns and inferences. It is seen as a subset of 

artificial intelligence. Machine learning algorithms build a mathematical model based on sample data known as "training 

data" to make predictions or decisions without being explicitly programmed to perform the task. Machine learning 

algorithms are used on a computer. It hosts a wide variety of applications such as email filtering and computer vision 

where it is difficult or impossible to develop a traditional algorithm to perform the task effectively. Machine learning is 

closely related to computational statistics, which focuses on making predictions using computers. The mathematical 

optimization study offers methods, theory, and application areas to the field of machine learning. Data mining is a field 

of study within machine learning and focuses on exploratory data analysis through unsupervised learning. In its 

application to business problems, machine learning is also called predictive analytics [1]. 

 
2.1 Data Information 

Data are individual units of information. Data describes a single quality or quantity of an object or phenomenon. In 

analytical processes, data is represented by variables. Although the terms "data", "information" and "information" are 

often used interchangeably, each of these terms has a different meaning [2]. In popular publications, it is said that data is 

sometimes transformed into information when evaluated in context or after analysis. However, in academic treatments of 
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the subject, data are simply units of knowledge. Data is used in scientific research, business management (e.g. sales data, 

revenue, profits, stock prices), finance, governance (e.g. crime rates, unemployment rates, literacy rates), and almost any 

human organizational activity (e.g. profit motive). census of homeless people by nonprofits). 

 

2.2 Twitter Developer Account 

The Twitter developer portal is a set of self-service tools that developers can use to manage their access to premium APIs 

and build and manage Twitter apps. The portal consists of the following pages: A developer dashboard showing Premium 

API usage and subscription level. A subscriptions page where you can manage and view additional information about 

your premium subscription level. An apps page where you can create and manage your Twitter Apps. Environments page 

where you can set up your developer environments. An invoice page where you can view your payment details and 

previous invoices. And a team page where you can add and manage the different handles your team has access to Premium 

APIs [3]. 

 

2.3 Twitter Application Programming Interface (Twitter API) 

An application programming interface (API) is an interface or communication protocol between a client and a server 

intended to facilitate the creation of client-side software. It is defined as a "contract" between the client and server so that 

if the client makes a request in a certain format, it always receives a response in a certain format or initiates a defined 

action. An API can be for a web-based system, operating system, database system, computer hardware, or software library. 

An API specification can take many forms, but often includes specifications for routines, data structures, object classes, 

variables, or remote calls. POSIX, Windows API, and ASPI are examples of different API formats. Documentation for 

the API is generally provided to facilitate use and implementation. 

 

2.4 Using the Twitter API with Python 

One of the things Python developers enjoy is definitely the sheer number of resources developed by its large community. 

Application programming interfaces (APIs) built by Python are a common thing for websites. It's hard to imagine that 

any popular web service would not create a Python API library to facilitate access to its services. A few ideas about such 

APIs for some of the most popular web services can be found here. In fact, "Python wrapper" is a more accurate term 

than "Python API" because a web API usually provides a generic API, while language-specific libraries generate code 

for programming to "wrap" into easy-to-use functions. 

 

2.4 Why Python and Its Advantages 

Python is an interpreted, high-level, general-purpose programming language. Created by Guido van Rossum and first 

released in 1991, Python's design philosophy emphasizes code readability with its significant use of white space. Its 

language constructs and object-oriented approach are aimed at helping programmers write clear, logical code for small 

and large-scale projects. Python is dynamically typed and garbage collected. It supports multiple programming paradigms 

including procedural, object-oriented and functional programming. Python is often described as a "batteries included" 

language because of its extensive standard library. Python was conceived as the successor to the ABC language in the 

late 1980s. Released in 2000, Python 2.0 introduced features such as list comprehensions and a garbage collection system 

capable of collecting reference loops. Released in 2008, Python 3.0 was a major overhaul of a language that was not 

entirely backwards compatible [4]. 

Advantages / Benefits of Python The different implementation of the Python language is due to the combination of 

features that make this language superior to others. Some of the advantages of programming in Python are: 

1. Availability of Third-Party Modules: The Python Package Index (PyPI) contains a large number of third-

party modules that enable Python to interact with most other languages and platforms. 

 

2. Comprehensive Support Libraries: Python offers a wide standard library that includes areas such as internet 

protocols, string operations, web service tools and operating system interfaces. Many high-use programming tasks are 

already written into the standard library, which significantly reduces the length of the code. 

 

3. Open Source and Community Development: The Python language is developed under an OSI-approved 

open source license; It is free to use and distribute, including for commercial purposes. 

Moreover, its development is driven by the community that hosts conferences and mailing lists and collaborates for their 

code and provides its numerous modules. 

 

4. Available Ease of Learning and Support: Python offers excellent readability and easy-to-understand syntax 

that helps beginners use this programming language. Code style guidelines, PEP 8, provides a set of rules to make code 

easier to format. Additionally, its large user base and active developers have enabled a rich internet resource bank to spur 

its development and adoption of the language. 

 

5. User-Friendly Data Structures: Python has built-in list and dictionary data structures that can be used to 

create fast runtime data structures. In addition, Python also provides the option to write dynamic high-level data, which 

reduces the length of support code needed. 
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6. Efficiency and Speed: Python has a clean object-oriented design, provides advanced process control 

capabilities, and has powerful integration and text processing capabilities, and its own unit testing framework, all of which 

contribute to speed and productivity gains. Python is considered a viable option for building complex multi-protocol 

network applications. As can be seen from the points mentioned above, Python offers many advantages for software 

development. As language continues to evolve, so can its faithful foundation grow. 

 

2.5 Text Classification Process 

Text classification is the process of assigning labels or categories to text based on its content. In Natural Language 

Processing (NLP), sentiment analysis is one of the core tasks with broad applications such as topic tagging, spam 

detection, and intent detection. Unstructured data in text format is everywhere: emails, chats, web pages, social media, 

support tickets, survey responses and more. The text can be an extremely rich source of information, but gaining insights 

from it can be difficult and time-consuming due to its unstructured nature. Businesses are moving to text classification to 

quickly and cost-effectively structure text to increase decision making and automate processes. 

 

2.6 Naive Bayes Algorithm 

Pure Bayesian classifiers in machine learning are a family of simple "probability classifiers" based on the application of 

Bayes' theorem with strong (pure) assumptions of independence between features. They are among the simplest Bayesian 

network models. Naive Bayes has been studied extensively since the 1960s [5]. It was introduced to the text retrieval 

community (though not under that name) in the early 1960s, and text categorization remains an issue (a key method) of 

judging documents as belonging to one category or another. Features such as word frequencies (spam or legitimate, sports 

or politics, etc.) It also finds application in automatic medical diagnosis. Naive Bayesian classifiers are highly scalable, 

requiring a linear set of parameters in the number of variables (features/predictors) in the learning problem. 

Maximum likelihood training can be done by evaluating a linear time-consuming closed-form expression rather than the 

expensive iterative approach used in many other types of classifiers. It is known by various names in the statistics and 

computer science literature, including pure Bayesian models, simple Bayes, and independence Bayes. All these names 

refer to the use of Bayes' theorem in the decision rule of the classifier, but it is not a pure Bayesian (necessarily) Bayesian 

method. 

Naive Bayes classifier is based on Bayes theorem with assumptions of independence between estimators. The naive 

Bayesian model is easy to build, making it particularly useful for very large datasets without complex data estimation. 

Despite its simplicity, the Naive Bayesian classifier often does surprisingly well and is widely used because it often 

outperforms more sophisticated classification methods. 

Bayes' theorem allows the calculation of posterior probabilities P(c|x), P(c), P(x), and P(x|c). Naive Bayes classifier 

assumes that the effect of an estimator (x) value on a particular class (c) is independent of the values of other estimators. 

This assumption is called class conditional independence. 

Naive Bayes is a simple technique for constructing classifiers: models that assign class labels to problem states, whose 

class labels are represented as vectors of property values drawn from some finite set. There is no single algorithm for 

training these classifiers, but there is a family of algorithms based on a common principle: all pure Bayesian classifiers 

assume that the value of a particular property is independent of the value of any property given the class variable. For 

example, a fruit can be considered an apple if it is red, round and about 10 cm in diameter. A naive Bayesian classifier 

would consider that each of these traits independently contributes to the probability of this fruit being an apple, regardless 

of possible correlations between color, roundness, and diameter traits. 

For some probability models, pure Bayesian classifiers can be trained very efficiently in a supervised learning 

environment. In many practical applications, parameter estimation for pure Bayesian models uses the maximum 

probability method; In other words, one can work with a pure Bayesian model without accepting Bayesian probability or 

using Bayesian methods. Despite their naive design and seemingly simplified assumptions, naive Bayesian classifiers 

worked quite well in many complex real-world situations. In 2004, an analysis of the Bayesian classification problem 

showed that there are solid theoretical reasons for the apparently unaffected efficiency of pure Bayesian classifiers. 

However, a comprehensive comparison with other classification algorithms in 2006 showed that Bayesian classification 

outperforms other approaches such as strengthened trees or random forests [6]. One advantage of naive Bayes is that it 

only needs a small number of training data to estimate the parameters required for classification. 

𝑃(𝑐|𝑥) =  
𝑃(𝑐|𝑥) 𝑃(𝑐)

𝑃(𝑥)
            (1) 

                                             𝑃(𝐴|𝐵) =
𝑃(𝐴∩𝐵)

𝑃(𝐵)
               (2) 

Equation (2) shows the general Bayesian equation modified and modified for text classification. The equation we use in 

the program and get the numerical values is this equation. The probability number value P(A│B) is the ratio of the word 

frequency in the category (the intersection set in the category) to the total number of words in the category. 
 

 



116 

 

2.7 Training Data 

The idea of using training data in machine training programs is a simple concept, but it is also very fundamental for these 

technologies to work. Training data is the first dataset used to help a program understand how to apply technologies such 

as neural networks to learn and produce complex results. It can be complemented by later datasets called validation and 

test sets. Training data is also known as a training set, training data set, or learning set. 

The training set is the material from which the computer learns how to process information. It uses machine learning 

algorithms. This mimics the ability of individual neurons in the brain to receive and weigh various inputs in order to 

produce activations in the brain. Artificial neurons replicate much of this process with software -- machine learning and 

neural network programs -- that provide highly detailed models of how our human thought processes work. With this in 

mind, training data can be structured in different ways. For sequential decision trees and such algorithms, it will be a set 

of raw text or alphanumeric data that has been classified or otherwise manipulated. On the other hand, for Evolutionary 

Neural Networks related to image processing and computer vision, the training set usually consists of a large number of 

images. The idea is that because the machine learning program is so complex and so complex, it uses iterative training on 

each of these images to eventually be able to recognize features, shapes, and even subjects like people, animals. Training 

data is absolutely essential to the process – it can be thought of as the “food” the system uses to run it. 

 

3.1 Outputs and Comments 

In this section, it is aimed to make the numerical data more meaningful and present it in graphic form. In this way, the 

data is presented to the reader for interpretation. While making inferences, it should be kept in mind that the algorithm 

and the program have a certain margin of error. However, this margin of error can be further reduced as the program is 

trained and with some manual intervention. Generated sample statistics will be shown in this section. The graphics were 

prepared online using a website. 

 
Figure 3.1 Ratio of Tweets according to the categories we selected. 

3.2 Statistics Table with Total Data Retained 

Table 3.2 shows the number of Tweets per day and topic on the days for which statistics are kept. 

 

 
Table 3.2 Table of categories and number values. 

 

The table in Table 3.2 shows the category type and the number of all Tweets included in the schedule on the specified 

day. With this information, graphics were prepared and comments were made. It is seen that the category with the highest 

number of values is politics by far. 

 

 

4.1 RESULTS 

The program we designed often gave erroneous or partially erroneous results in the early stages of its operation. However, 

that was to be expected. We observe that this type of machine learning programs and the algorithms they are based on 

become better in direct proportion to the trained data (We should not ignore erroneous learning while learning). With 
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every minute spent studying, our program yields more meaningful results. For now, the error rate has been recorded as 

approximately 15-20% on average. In other words, on average, it has been seen that 1 out of every 5-6 Tweets is detected 

incorrectly. 

In addition, in the case that every data included in the program does not naturally belong to any of the 5 categories (art, 

economy, politics, sports, technology) we have specified, for example, when our program encounters a Tweet on 

philosophy, it will be outside the categories we have determined. For this reason, it is inevitable to give erroneous results. 

But the result can be shown by the program as the policy that is partly imminent. We should be aware of such situations 

and expect a truth value or significance in that direction. 

With the statistics we keep, we have observed that there are changes in the number and subject of Tweets written at certain 

times of the day. It was determined that tweets were sent mostly in the fields of politics and economy. Other topics, on 

the other hand, can be the subject of a tweet depending on the agenda events of that day. It was observed that the tweets 

with the least number of were those with the theme of art. The most tweeted time is between 21:00-22:00. This 

determination is also reflected in the graphics in the form of Tweets per minute (Tweet/minute). 

I must say that I made progress in many areas during this design and gained familiarity with many techniques. I see that 

I have improved myself and gained awareness, especially in the Python programming language and data science. I learned 

that many different algorithms are used for text classification in machine learning. However, we chose to use the Naive 

Bayes algorithm as a result of the time and resources I had. The reason for this is that it can give meaningful results in 

less training data and partially less training period. Although this algorithm seems quite simple, it gives high percentage 

accurate results when coded and used effectively. 

I have a few suggestions for the continuation of the project or the creation of a similar project. First, while the training 

data is being prepared, the program can be fed with more data and more meaningful data. According to the available time 

and opportunities, this determination should be made well early and applied rationally. If desired, training data can be 

edited manually by adding or subtracting. Secondly, a different classification algorithm can be selected and applied. 

However, it should be noted that; The algorithm to be chosen should be able to be used in parallel with the training data. 

Otherwise, undesirable situations may occur. It should be taken into account that much more training data is needed when 

applying algorithms based on sentence integrity and word order in sentences. Machine learning is a long-term process 

and a system that needs constant updating. The most important point is that all steps should be managed carefully and 

with a foreground in order to establish a continuity and sustainable system. 
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